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Preface

I did not want to write this book . . . honestly.

My first book project began in 1998, titled Lessons In FElectric Circuits, and 1 didn’t call “quit”
until six volumes and five years later. Even then, it was not complete, but being an open-source
project it gained traction on the internet to the point where other people took over its development
and it grew fine without me. The impetus for writing this first tome was a general dissatisfaction
with available electronics textbooks. Plenty of textbooks exist to describe things, but few really
explain things well for students, and the field of electronics is no exception. I wanted my book(s)
to be different, and so they were. No one told me how time-consuming it was going to be to write
them, though!

The next few years’ worth of my spare time went to developing a set of question-and-answer
worksheets designed to teach electronics theory in a Socratic, active-engagement style. This project
proved quite successful in my professional life as an instructor of electronics. In the summer of 2006,
my job changed from teaching electronics to teaching industrial instrumentation, and I decided to
continue the Socratic mode of instruction with another set of question-and-answer worksheets.

However, the field of industrial instrumentation is not as well-represented as general electronics,
and thus the array of available textbooks is not as vast. I began to re-discover the drudgery of
trying to teach with inadequate texts as source material. The basis of my active teaching style was
that students would spend time researching the material on their own, then engage in Socratic-style
discussion with me on the subject matter when they arrived for class. This teaching technique
functions in direct proportion to the quality and quantity of the source material at the students’
disposal. Despite much searching, I was unable to find a textbook adequately addressing my students’
learning needs. Many textbooks I found were written in a shallow, “math-phobic” style well below
the level T intended to teach to. Some reference books I found contained great information, but
were often written for degreed engineers with lots of Laplace transforms and other mathematical
techniques well above the level I intended to teach to. Few on either side of the spectrum actually
made an effort to explain certain concepts students generally struggle to understand. I needed a
text giving good, practical information and theoretical coverage at the same time.

In a futile effort to provide my students with enough information to study outside of class, I
scoured the internet for free tutorials written by others. While some manufacturer’s tutorials were
nearly perfect for my needs, others were just as shallow as the textbooks I had found, and/or were
little more than sales brochures. I found myself starting to write my own tutorials on specific topics
to “plug the gaps,” but then another problem arose: it became troublesome for students to navigate
through dozens of tutorials in an effort to find the information they needed in their studies. What
my students really needed was a book, not a smorgasbord of tutorials.
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So here I am again, writing another textbook. This time around I have the advantage of wisdom
gained from the first textbook project. For this project, I will not:

. attempt to maintain a parallel book in HTML markup (for direct viewing on the internet).
I had to go to the trouble of inventing my own quasi-XML markup language last time in an
effort to generate multiple format versions of the book from the same source code. Instead,
this time I will use stock ITEX as the source code format and regular Adobe PDF format for
the final output, which anyone may read thanks to its ubiquity. If anyone else desires the book
in a different format, I will gladly let them deal with issues of source code translation. Not
that this should be a terrible problem for anyone technically competent in markup languages,
as IMTEX source is rather easy to work with.

. use a GNU GPL-style copyleft license. Instead, I will use the Creative Commons
Attribution-only license, which makes things a lot easier for anyone wishing to incorporate my
work into derivative works. My interest is maximum flexibility for those who may adapt my
material to their own needs, not the imposition of certain philosophical ideals.

. start from a conceptual state of “ground zero.” I will assume the reader has certain
familiarity with electronics and mathematics, which I will build on. If a reader finds they need
to learn more about electronics, they should go read Lessons In FElectric Circuits.

. avoid using calculus to help explain certain concepts. Not all my readers will understand
these parts, and so I will be sure to explain what I can without using calculus. However,
I want to give my more mathematically adept students an opportunity to see the power of
calculus applied to instrumentation where appropriate. By occasionally applying calculus and
explaining my steps, I also hope this text will serve as a practical guide for students who might
wish to learn calculus, so they can see its utility and function in a context that interests them.

There do exist many fine references on the subject of industrial instrumentation. I only wish I
could condense their best parts into a single volume for my students. Being able to do so would
certainly save me from having to write my own! Listed here are some of the best books I can
recommend for those wishing to explore instrumentation outside of my own presentation:

Instrument Engineers’ Handbook series (Volumes I, II, and III), edited by Béla Liptdk — by
far my favorite modern references on the subject. Unfortunately, there is a fair amount of
material within that lies well beyond my students’ grasp (Laplace transforms, etc.), and the
volumes are incredibly bulky and expensive (nearly 2000 pages, and at a cost of nearly $200.00,
apiece!). These texts also lack some of the basic content my students do need, and I don’t
have the heart to tell them to buy yet another textbook to fill the gaps.

Handbook of Instrumentation and Controls, by Howard P. Kallen. Perhaps the best-written
textbook on general instrumentation I have ever encountered. Too bad it is both long out of
print — my copy dates 1961 — and technologically dated. Like most American textbooks written
during the years immediately following Sputnik, it is a masterpiece of practical content and
conceptual clarity. I consider books like this useful for their presentations of “first principles,”
which of course are timeless.

Industrial Instrumentation Fundamentals, by Austin E. Fribance. Another great post-Sputnik
textbook — my copy dates 1962.
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o Instrumentation for Process Measurement and Control, by Normal A. Anderson. An inspiring
effort by someone who knows the art of teaching as well as the craft of instrumentation. Too
bad the content doesn’t seem to have been updated since 1980.

e Practically anything written by Francis Greg Shinskey.

Whether or not I achieve my goal of writing a better textbook is a judgment left for others to
make. One decided advantage my book will have over all the others is its openness. If you don’t
like anything you see in these pages, you have the right to modify it to your liking! Delete content,
add content, modify content — it’s all fair game thanks to the Creative Commons licensing. My
only condition is declared in the license: you must give me credit for my original authorship. What
you do with it beyond that is wholly up to you?. This way, perhaps I can spare someone else from
having to write their own textbook from scratch!

2This includes selling copies of it, either electronic or print. Of course, you must include the Creative Commons
license as part of the text you sell (see Section 4, subsection 1 of the license for details), which means anyone will be
able to tell it is an open text and can probably figure out how to download an electronic copy off the internet for free.
The only way you’re going to make significant money selling this text is to add your own value to it, either in the
form of expansions or bundled product (e.g. simulation software, learning exercises, etc.), which of course is perfectly
fair — you must profit from your own labors. All my work does for you is give you a starting point.
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8 CHAPTER 1. PHYSICS

1.1 Terms and Definitions

Mass (m) is the opposition an object has to acceleration (changes in velocity). Weight is the force
(F) imposed on a mass by a gravitational field. Mass is an intrinsic property of an object, regardless
of the environment. Weight, on the other hand, depends on the strength of the gravitational field
in which the object resides. A 20 kilogram slug of metal has the exact same mass whether it rests
on Earth, or in the zero-gravity environment of outer space, or on the surface of the planet Jupiter.
However, the weight of that mass depends on gravity: zero weight in outer space (where there is no
gravity to act upon it), some weight on Earth, and a much greater amount of weight on the planet
Jupiter (due to the much stronger gravitational field of that planet).

Since mass is the opposition of an object to changes in velocity (acceleration), it stands to reason
force, mass, and acceleration for any particular object are directly related to one another:

F =ma

Where,
F = Force in newtons (metric) or pounds (British)
m = Mass in kilograms (metric) or slugs (British)
a = Acceleration in meters per second squared (metric) or feet per second squared (British)

If the force in question is the weight of the object, then the acceleration (a) in question is the
acceleration constant of the gravitational field where the object resides. For Earth at sea level,
Qgravity 15 approximately 9.8 meters per second squared, or 32 feet per second squared. Earth’s
gravitational acceleration constant is usually represented in equations by the variable letter g instead
of the more generic a.

Since acceleration is nothing more than the rate of velocity change with respect to time, the
force/mass equation may be expressed using the calculus notation of the first derivative:

dv
F=m 7t
Where,
F = Force in newtons (metric) or pounds (British)
m = Mass in kilograms (metric) or slugs (British)
v = Velocity in meters per second (metric) or feet per second (British)
t = Time in seconds

Since velocity is nothing more than the rate of position change with respect to time, the
force/mass equation may be expressed using the calculus notation of the second derivative
(acceleration being the derivative of velocity, which in turn is the derivative of position):

d*z
F=m e
Where,

F = Force in newtons (metric) or pounds (British)
m = Mass in kilograms (metric) or slugs (British)
x = Position in meters (metric) or feet (British)

t = Time in seconds
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Mass density (p) for any substance is the proportion of mass to volume. Weight density (v) for
any substance is the proportion of weight to volume.
Just as weight and mass are related to each other by gravitational acceleration, weight density

and mass density are also related to each other by gravity:

Flyeight = myg Weight and Mass

v = pg Weight density and Mass density

1.2 Metric prefixes

METRIC PREFIX SCALE

T G M k m 11 n p
tera giga mega kilo (none) milli micro nano pico
102 10° 10% 10%® 10° 10® 10% 10° 10?2

N N PO N
N

102 10! 10! 102

hecto deca deci centi
h da d c
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1.3 Unit conversions and physical constants

Converting between disparate units of measurement is the bane of many science students. The
problem is worse for students of industrial instrumentation in the United States of America, who
must work with British (“Customary”) units such as the pound, the foot, the gallon, etc. World-
wide adoption of the metric system would go a long way toward alleviating this problem, but until
then it is important for students of instrumentation to master the art of unit conversions'.

It is possible to convert from one unit of measurement to another by use of tables designed
expressly for this purpose. Such tables usually have a column of units on the left-hand side and an
identical row of units along the top, whereby one can look up the conversion factor to multiply by
to convert from any listed unit to any other listed unit. While such tables are undeniably simple to
use, they are practically impossible to memorize.

The goal of this section is to provide you with a more powerful technique for unit conversion,
which lends itself much better to memorization of conversion factors. This way, you will be able to
convert between many common units of measurement while memorizing only a handful of essential
conversion factors.

I like to call this the wunity fraction technique. It involves setting up the original quantity as
a fraction, then multiplying by a series of fractions having physical values of unity (1) so that by
multiplication the original value does not change, but the units do. Let’s take for example the
conversion of quarts into gallons, an example of a fluid volume conversion:

35 qt =777 gal

Now, most people know there are four quarts in one gallon, and so it is tempting to simply
divide the number 35 by four to arrive at the proper number of gallons. However, the purpose of
this example is to show you how the technique of unity fractions works, not to get an answer to a
problem. First, we set up the original quantity as a fraction, in this case a fraction with 1 as the
denominator:

35 qt
1

Next, we multiply this fraction by another fraction having a physical value of unity, or 1. This
means a fraction comprised of equal measures in the numerator and denominator, but with different
units of measurement, arranged in such a way that the undesired unit cancels out leaving only the
desired unit(s). In this particular example, we wish to cancel out quarts and end up with gallons,
so we must arrange a fraction consisting of quarts and gallons having equal quantities in numerator
and denominator, such that quarts will cancel and gallons will remain:

35 qt 1 gal

1 4 qt
1 An interesting point to make here is the United States did get something right when they designed their monetary
system of dollars and cents. This is essentially a metric system of measurement, with 100 cents per dollar. The
founders of the USA wisely decided to avoid the utterly confusing denominations of the British, with their pounds,
pence, farthings, shillings, etc. The denominations of penny, dime, dollar, and eagle (310 gold coin) comprised a

simple power-of-ten system for money. Credit goes to France for first adopting a metric system of general weights
and measures as their national standard.
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Now we see how the unit of “quarts” cancels from the numerator of the first fraction and the
denominator of the second (“unity”) fraction, leaving only the unit of “gallons” left standing:

35 qt 1 gal
—_— =38. 1
( : )(w 8.75 ga

The reason this conversion technique is so powerful is it allows one to do a large range of unit
conversions while memorizing the smallest possible set of conversion factors.
Here is a set of six equal volumes, each one expressed in a different unit of measurement:

1 gallon (gal) = 231.0 cubic inches (in®) = 4 quarts (qt) = 8 pints (pt) = 128 fluid ounces (fl. 0z.)
= 3.7854 liters (1)

Since all six of these quantities are physically equal, it is possible to build a “unity fraction” out
of any two, to use in converting any of the represented volume units into any of the other represented
volume units. Shown here are a few different volume unit conversion problems, using unity fractions
built only from these factors:

40 gallons converted into fluid ounces:

40 gal 128 fl. oz _ 5190 . oz
1 1 gal

5.5 pints converted into cubic inches:

3
5.5 pt 231 in — 158.8 in®
1 8 pt

1701\ [ 4qt
( 1 ) (3.7854 1) = 1230 at

By contrast, if we were to try to memorize a 6 x 6 table giving conversion factors between any
two of six volume units, we would have to commit 30 different conversion factors to memory! Clearly,
the ability to set up “unity fractions” is a much more memory-efficient and practical approach.

But what if we wished to convert to a unit of volume measurement other than the six shown in
the long equality? For instance, what if we wished to convert 5.5 pints into cubic feet instead of
cubic inches? Since cubic feet is not a unit represented in the long string of quantities, what do we
do?

We do know of another equality between inches and feet, though. Everyone should know that
there are 12 inches in 1 foot. All we need to do is set up another unity fraction in the original
problem to convert cubic inches into cubic feet:

1170 liters converted into quarts:

5.5 pints converted into cubic feet (our first attempt!):

.3
5.5 pt 231 in 1ft _ 999
1 8 pt 12 in
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Unfortunately, this will not give us the result we seek. Even though 112 fl‘il is a valid unity fraction,
it does not completely cancel out the unit of inches. What we need is a unity fraction relating cubic
1 ft
12 in

feet to cubic inches. We can get this, though, simply by cubing the unity fraction:

5.5 pints converted into cubic feet (our second attempt!):
5.5 pt\ /231 in? 1f\?
1 8 pt 12 in
Distributing the third power to the interior terms of the last unity fraction:
5.5 pt\ /231 in3 13 £
1 8 pt 123 in?

Calculating the values of 1® and 123 inside the last unity fraction, then canceling units and

solving:
5.5 pt\ /231 in® 1ft?
P - — ) =0.0919 ft?
1 8 pt 1728 in

Once again, this unit conversion technique shows its power by minimizing the number of
conversion factors we must memorize. We need not memorize how many cubic inches are in a
cubic foot, or how many square inches are in a square foot, if we know how many linear inches are in
a linear foot and we simply let the fractions “tell” us whether a power is needed for unit cancellation.

A major caveat to this method of converting units is that the units must be directly proportional
to one another, since this multiplicative conversion method is really nothing more than an exercise
in mathematical proportions. Here are some examples (but not an exhaustive list!) of conversions
that cannot be performed using the “unity fraction” method:

e Absolute / Gauge pressures, because one scale is offset from the other by 14.7 PSI (atmospheric
pressure).

e Celsius / Fahrenheit, because one scale is offset from the other by 32 degrees.

e Wire diameter / gauge number, because gauge numbers grow smaller as wire diameter grows
larger (inverse proportion rather than direct) and because there is no proportion relating the
two.

e Power / decibels, because the relationship is logarithmic rather than proportional.

The following subsections give sets of physically equal quantities, which may be used to create
unity fractions for unit conversion problems. Note that only those quantities shown in the same line
(separated by = symbols) are truly equal to each other, not quantities appearing in different lines!
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1.3.1 Conversion formulae for temperature
o °F = (°C)(9/5) + 32
o °C = (°F - 32)(5/9)
e °R = °F + 459.67

e K =°C+ 273.15

1.3.2 Conversion factors for distance

1 inch (in) = 2.540000 centimeter (cm)
1 foot (ft) = 12 inches (in)

1 yard (yd) = 3 feet (ft)

1 mile (mi) = 5280 feet (ft)

1.3.3 Conversion factors for volume

1 gallon (gal) = 231.0 cubic inches (in®) = 4 quarts (qt) = 8 pints (pt) = 128 fluid ounces (fl. oz.)
— 3.7854 liters (1)

1 milliliter (ml) = 1 cubic centimeter (cm?)

1.3.4 Conversion factors for velocity

1 mile per hour (mi/h) = 88 feet per minute (ft/m) = 1.46667 feet per second (ft/s) = 1.60934
kilometer per hour (km/h) = 0.44704 meter per second (m/s) = 0.868976 knot (knot — international)

1.3.5 Conversion factors for mass

1 pound (lbm) = 0.45359 kilogram (kg) = 0.031081 slugs

1.3.6 Conversion factors for force

1 pound-force (Ibf) = 4.44822 newton (N)

1.3.7 Conversion factors for area

1 acre = 43560 square feet (ft?) = 4840 square yards (yd?) = 4046.86 square meters (m?)

1.3.8 Conversion factors for pressure (either all gauge or all absolute)

1 pound per square inch (PSI) = 2.03603 inches of mercury (in. Hg) = 27.6807 inches of water (in.
W.C.) = 6.894757 kilo-pascals (kPa)
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1.3.9 Conversion factors for pressure (absolute pressure units only)

1 atmosphere (Atm) = 14.7 pounds per square inch absolute (PSTA) = 760 millimeters of mercury
absolute (mmHgA) = 760 torr (torr) = 1.01325 bar (bar)

1.3.10 Conversion factors for energy or work

1 British thermal unit (Btu — “International Table”) = 251.996 calories (cal — “International Table”)
= 1055.06 joules (J) = 1055.06 watt-seconds (W-s) = 0.293071 watt-hour (W-hr) = 1.05506 x 10°
ergs (erg) = 778.169 foot-pound-force (ft-1bf)

1.3.11 Conversion factors for power

1 horsepower (hp — 550 ft-Ibf/s) = 745.7 watts (W) = 2544.43 British thermal units per hour
(Btu/hr) = 0.0760181 boiler horsepower (hp — boiler)

1.3.12 Terrestrial constants

Acceleration of gravity at sea level = 9.806650 meters per second per second (m/s?) = 32.1740 feet
per second per second (ft/s?)

Atmospheric pressure = 14.7 pounds per square inch absolute (PSIA) = 760 millimeters of mercury
absolute (mmHgA) = 760 torr (torr) = 1.01325 bar (bar)

Atmospheric gas concentrations:
e Nitrogen = 78.084 %
e Oxygen = 20.946 %
e Argon = 0.934 %
e Carbon Dioxide (CO2) = 0.033 %
e Neon = 18.18 ppm
e Helium = 5.24 ppm
e Methane (CH4) = 2 ppm
e Krypton = 1.14 ppm
e Hydrogen = 0.5 ppm
e Nitrous Oxide (N2O) = 0.5 ppm

e Xenon = 0.087 ppm

Density of dry air at 20°C and 760 torr = 1.204 mg/cm® = 1.204 kg/m® = 0.075 1b/ft> = 0.00235
slugs/ft3

Absolute viscosity of dry air at 20°C and 760 torr = 0.018 centipoise (cp) = 1.8 x 1075 Pascal-
seconds (Pa-s)
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1.3.13 Properties of water

Freezing point at sea level = 32°F = 0°C

Boiling point at sea level = 212°F = 100°C

Density of water at 4°C = 1000 kg/m?® = 1 g/cm?® = 1 kg/liter = 62.428 1b/ft> = 1.951 slugs/ft>
Specific heat of water at 14°C = 1.00002 calories/g-°C = 1 BTU/Ib-°F = 4.1869 joules/g-°C
Specific heat of ice = 0.5 calories/g-°C

Specific heat of steam = 0.48 calories/g-°C

Absolute viscosity of water at 20°C = 1.0019 centipoise (cp) = 0.0010019 Pascal-seconds (Pa-s)
Surface tension of water (in contact with air) at 18°C = 73.05 dynes/cm

pH of pure water at 25° C = 7.0 (pH scale = 0 to 14)

1.3.14 Miscellaneous physical constants

Speed of light in a vacuum (c) = 2.9979 x 10® meters per second (m/s) = 186,281 miles per second
(mi/s)

Avogadro’s number (N4) = 6.0220 x 10%* per mole (mol~1)

Electronic charge (¢) = 1.6022 x 1071 Coulomb (C)

Faraday constant (F) = 9.6485 x 10* Coulombs per mole (C/mol)

Boltzmann’s constant (k) = 1.3807 x 1072 joules per Kelvin (J/K)

Stefan-Boltzmann constant (o) = 5.6703 x 10~% Watts per square meter-Kelvin* (W/m?2-K*)
Molar gas constant (R) = 8.3144 joules per mole-Kelvin (J/mol-K)

Note: all physical constants listed here were derived (rounded to the fifth significant digit) from
values given on page F-198 of the CRC Handbook of Chemistry and Physics, 64th edition.
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1.3.15 Weight densities of common materials

All density figures approximate for samples at standard temperature and pressure®.

2

Liquids:

Acetone: v = 49.4 1b/ft?

Alcohol, ethyl (ethanol): v = 49.4 1b/ft?
Alcohol, methyl (methanol): v = 50.5 Ib/ft?
Benzene: v = 56.1 1b/ft3

Butane (liquid): v = 36.1 1b/ft3

Carbon disulfide: v = 80.7 1b/ft3

Carbon tetrachloride: v = 99.6 1b/ft3
Chloroform: v = 93 1b/ft3

Ethylene glycol (ethanediol): v = 69.22 1b/ft3
Gasoline: v = 41 Ib/ft3 to 43 1b/ft?
Glycerin: v = 78.6 1b/ft3

Isobutane (liquid): v = 34.8 Ib/ft3
Kerosene: v = 51.2 1b/ft3

Mercury: v = 849 Ib/ft3

Methanol (methyl alcohol): v = 50.5 1b/ft3
Milk: v = 64.2 Ib/ft? to 64.6 1b/ft3
Naphtha, petroleum: v = 41.5 Ib/ft3

Oil, castor: v = 60.5 Ib/ft?

Oil, coconut: v = 57.7 Ib/ft?

Oil, linseed (boiled): v = 58.8 1b/ft?

Oil, olive: v = 57.3 Ib/ft?

Propane (liquid): v = 31.2 Ib/ft3

Toluene: v = 54.1 1b/ft3

PHYSICS

?Density figures taken or derived from tables in the CRC' Handbook of Chemistry and Physics, 64th Edition. Most
liquid densities taken from table on page F-3 and solid densities taken from table on page F-1. Some liquid densities
taken from tables on pages E-27 through E-31. All temperatures at or near 20°C.
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Turpentine: v = 54.3 1b/ft?

Water, heavy: v = 68.97 Ib/ft3
Water, light (normal): v = 62.4 1b/ft3
Water, sea: v = 63.99 1b/ft?

Solids:

Beryllium: v = 115.37 Ib/ft?

Brass: v = 524.4 1b/ft3

Calcium: v = 96.763 1b/ft?

Carbon (diamond): v = 196.65 1b/ft® to 220.37 1b/ft?
Cement (set): v = 170 Ib/ft3 to 190 1b/ft3
Chromium: v = 448.86 1b/ft3

Copper: v = 559.36 1b/ft3

Cork: v = 14 Ib/ft3 to 16 1b/ft3

Gold: v = 1178.6 1b/ft?

Ice: v = 57.2 Ib/ft3

Iron: v = 490.68 1b/ft3

Ivory: v = 114 Ib/ft3 to 120 Ib/ft3
Lead: v = 708.56 1b/ft3

Leather: v = 54 1b/ft3

Magnesium: v = 108.50 1b/ft?
Molybdenum: v = 638.01 1b/ft?
Quartz: v = 165 1b/ft?

Rubber (soft): v = 69 1b/ft3

Rubber (hard): v = 74 1b/ft3

Salt, rock: v = 136 Ib/ft3

Sugar: v = 99 1b/ft3

Tar: v = 66 1b/ft3

Wood, balsa: v = 7 1b/ft3 to 9 Ib/ft3
Wood, maple: v = 39 1b/ft3 to 47 1b/ft3

17
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1.4 Dimensional analysis

An interesting parallel to the “unity fraction” unit conversion technique is something referred to in
physics as dimensional analysis. Performing dimensional analysis on a physics formula means to set
it up with units of measurement in place of variables, to see how units cancel and combine to form
the appropriate unit(s) of measurement for the result.

For example, let’s take the familiar power formula used to calculate power in a simple DC electric
circuit:

P=1V

Where,
P = Power (watts)
I = Current (amperes)
V' = Voltage (volts)

Each of the units of measurement in the above formula (watt, ampere, volt) are actually
comprised of more fundamental physical units. One watt of power is one joule of energy transferred
per second. One ampere of current is one coulomb of electric charge moving by per second. One
volt of potential is one joule of energy per coulomb of electric charge. When we write the equation
showing these units in their proper orientations, we see that the result (power in watts, or joules
per second) actually does agree with the units for amperes and volts because the unit of electric
charge (coulombs) cancels out. In dimensional analysis we customarily distinguish unit symbols
from variables by using non-italicized letters and surrounding each one with square brackets:

P=1IV
[Watts] = [Amperes] x [Volts] or [W] = [A][V]
Joules | [ Coulombs o Joules . { B 9 i
Seconds| | Seconds Coulombs © s| |s C

Dimensional analysis gives us a way to “check our work” when setting up new formulae for
physics- and chemistry-type problems.
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1.5 The International System of Units

The very purpose of physics is to quantitatively describe and explain the physical world in as few
terms as possible. This principle extends to units of measurement as well, which is why we usually
find different units used in science actually defined in terms of more fundamental units. The watt,
for example, is one joule of energy transferred per second of time. The joule, in turn, is defined in
terms of three base units, the kilogram, the meter, and the second:

Within the metric system of measurements, an international standard exists for which units
are considered fundamental and which are considered “derived” from the fundamental units. The
modern standard is called SI, which stands for Systéme International. This standard recognizes
seven fundamental, or base units, from which all others are derived3:

Physical quantity ST unit SI symbol
Length meter m
Mass kilogram kg
Time second S
Electric current ampere A
Temperature kelvin K
Amount of substance mole mol
Luminous intensity candela cd

An older standard existed for base units, in which the centimeter, gram, and second comprised
the first three base units. This standard is referred to as the cgs system, in contrast to the SI
system?. You will still encounter some derived cgs units used in instrumentation, including the poise
and the stokes (both used to express fluid viscosity). Then of course we have the British engineering
system which uses such wonderful® units as feet, pounds, and (thankfully) seconds. Despite the fact
that the majority of the world uses the metric (SI) system for weights and measures, the British
system is sometimes referred to as the Customary system.

3The only exception to this rule being units of measurement for angles, over which there has not yet been full
agreement whether the unit of the radian (and its solid counterpart, the steradian) is a base unit or a derived unit.

4The older name for the SI system was “MKS,” representing meters, kilograms, and seconds.

5I’m noting my sarcasm here, just in case you are immune to my odd sense of humor.
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1.6 Conservation Laws

The Law of Mass Conservation states that matter can neither be created nor destroyed. The Law of
Energy Conservation states that energy can neither be created nor destroyed. However, both mass
and energy may change forms, and even change into one another in the case of nuclear phenomena.

Conversion of mass into energy, or of energy into mass, is quantitatively described by Albert
Einstein’s famous equation:

E =md®

Where,
E = Energy (joules)
m = Mass (kilograms)
¢ = Speed of light (approximately 3 x 10® meters per second)

Conservation laws find practical context in many areas of science and life, but in the realm of
process control we have the principles of mass balance and energy balance which are direct expressions
of these Laws. “Mass balance” refers to the fact that the sum total of mass entering a process must
equal the sum total of mass exiting the process, provided the process is in a steady-state condition
(all variables remaining constant over time). To give a simple example of this, the mass flow rate
of fluid entering a pipe must be equal to the mass flow rate of fluid exiting the pipe, provided the
pipe is neither accumulating nor releasing mass within its internal volume. “Energy balance” is a
parallel concept, stating that the sum total of energy entering a process must equal the sum total of
energy exiting a process, provided a steady-state condition (no energy being stored or released from
storage within the process).

1.7 Classical mechanics

Classical mechanics (often called Newtonian mechanics in honor of Isaac Newton) deal with forces
and motions of objects in common circumstances. The vast majority of instrumentation applications
deals with this realm of physics. Two other areas of physics, relativistic and quantum, will not
be covered in this chapter because their domains lie outside the typical experience of industrial
instrumentation®.

6Relativistic physics deals with phenomena arising as objects travel near the velocity of light. Quantum physics
deals with phenomena at the atomic level. Neither is germane to the vast majority of industrial instrument
applications.



1.7. CLASSICAL MECHANICS 21

1.7.1 Newton’s Laws of Motion

These laws were formulated by the great mathematician and physicist Isaac Newton (1642-1727).
Much of Newton’s thought was inspired by the work of an individual who died the same year Newton
was born, Galileo Galilei (1564-1642).

1. An object at rest tends to stay at rest; an object in motion tends to stay in motion

2. The acceleration of an object is directly proportional to the net force acting upon it and
inversely proportional to the object’s mass

3. Forces between objects always exist in equal and opposite pairs

Newton’s first law may be thought of as the law of inertia, because it describes the property of
inertia that all objects having mass exhibit: resistance to change in velocity.

Newton’s second law is the verbal equivalent of the force/mass/acceleration formula: F' = ma

Newton’s third law describes how forces always exist in pairs between two objects. The rotating
blades of a helicopter, for example, exert a downward force on the air (accelerating the air), but the
air in turn exerts an upward force on the helicopter (suspending it in flight). These two forces are
equal in magnitude but opposite in direction. Such is always the case when forces exist between
objects.
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1.7.2 Work and Energy

Work is the expenditure of energy resulting from exerting a force over a parallel displacement

(motion)”:

W =Fx

Where,
W = Work, in joules (metric) or foot-pounds (English)
F = Force doing the work, in newtons (metric) or pounds (English)
2 = Displacement over which the work was done, in meters (metric) or feet (English)

Potential energy is energy existing in a stored state, having the potential to do useful work. If we
perform work in lifting a mass vertically against the pull of earth’s gravity, we store potential energy
which may later be released by allowing the mass to return to its previous altitude. The equation
for potential energy in this case is just a special form of the work equation (W = Fz), where work is
now expressed as potential energy (W = E,,), force is now expressed as a weight caused by gravity
acting on a mass (F = mg), and displacement is now expressed as a height (x = h):

W =Fx

E, = mgh

Where,

E, = Potential energy in joules (metric) or foot-pounds (British)

m = Mass of object in kilograms (metric) or slugs (British)

g = Acceleration of gravity in meters per second squared (metric) or feet per second squared
(British)

h = Height of lift in meters (metric) or feet (British)

Kinetic energy is energy in motion. The kinetic energy of a moving mass is equal to:

1
E, = §mv2

Where,
E;, = Potential energy in joules (metric) or foot-pounds (British)

m = Mass of object in kilograms (metric) or slugs (British)
v = Velocity of mass in meters per second (metric) or feet per second (British)

The Law of Energy Conservation is extremely useful in projectile mechanics problems, where
we typically assume a projectile loses no energy and gains no energy in its flight. The velocity of

TTechnically, the best way to express work resulting from force and displacement is in the form of a vector dot-
product: W = F .. The result of a dot product is always a scalar quantity (neither work nor energy possesses a
direction, so it cannot be a vector), and the result is the same magnitude as a scalar product only if the two vectors
are pointed in the same direction.
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a projectile, therefore, depends on its height above the ground, because the sum of potential and
kinetic energies must remain constant:

E, + Ej = constant

In free-fall problems, where the only source of energy for a projectile is its initial height, the
initial potential energy must be equal to the final kinetic energy:

E, (initial) = E} (final)

1
mgh; = §mfvj2c

We can see from this equation that mass cancels out of both sides, leaving us with this simpler
form:

1
gh; = 511]%

It also leads to the paradoxical conclusion that the mass of a free-falling object is irrelevant to
its velocity. That is, both a heavy object and a light object in free fall will hit the ground with
the same velocity, and fall for the same amount of time, if released from the same height under the
influence of the same gravity?®.

Dimensional analysis confirms the common nature of energy whether in the form of potential,
kinetic, or even mass (as described by Einstein’s equation). First, we will set these three energy
equations next to each other for comparison of their variables:

E, = mgh Potential energy due to elevation
1, o .

E, = imv Kinetic energy due to velocity
E =mdc® Mass-to-energy equivalence

8In practice, we usually see heavy objects fall faster than light objects due to the resistance of air. Energy losses
due to air friction nullify our assumption of constant total energy during free-fall. Energy lost due to air friction never
translates to velocity, and so the heavier object ends up hitting the ground faster (and sooner) because it had much
more energy than the light object did to start.
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Next, we will dimensionally analyze them using standard SI metric units (kilogram, meter,
second). Following the SI convention, mass (m) is always expressed in kilograms [kg], distance (h)
in meters [m], and time (¢) in seconds [s]. This means velocity (v, or ¢ for the velocity of light) in
the SI system will be expressed in meters per second [m/s] and acceleration (a, or g for gravitational
acceleration) in meters per second squared [m/s?]:

k 2
[gi]s[;]n] = [kg] [S%} [m] Potential energy due to elevation

kg][m? 2
@ = [ke] {?} Kinetic energy due to velocity

[kg] [m?]
[s?]
In all three cases, the unit for energy is the same: kilogram-meter squared per second squared.
This is the fundamental definition of a “joule” of energy, and it is the same result given by all three
formulae.

2
= [kg] [E] Mass-to-energy equivalence
s
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1.7.3 Mechanical springs

Many instruments make use of springs to translate force into motion, or visa-versa. The basic “Ohm’s
Law” equation for a mechanical spring relating applied force to spring motion (displacement) is called
Hooke’s Law®:

F=—kx

Where,

F = Force generated by the spring in newtons (metric) or pounds (English)

k = Constant of elasticity, or “spring constant” in newtons per meter (metric) or pounds per
foot (English)

x = Displacement of spring in meters (metric) or feet (English)

Hooke’s Law is a linear function, just like Ohm’s Law is a linear function: doubling the
displacement (either tension or compression) doubles the spring’s force. At least this is how springs
behave when they are displaced a small percentage of their total length. If you displace a spring
more substantially, the spring material will become strained beyond its elastic limit and either yield
(permanently deform) or fail (break).

The amount of potential energy stored in a tensed spring may be predicted using calculus. We
know that potential energy stored in a spring is the same as the amount of work done on the spring,
and work is equal to the product of force and displacement (assuming parallel lines of action for
both):

E,=Fx

Thus, the amount of work done on a spring is the force applied to the spring (F' = kz) multiplied
by the displacement (x). The problem is, the force applied to a spring varies with displacement
and therefore is not constant as we compress or stretch the spring. Thus, in order to calculate the
amount of potential energy stored in the spring (E, = F'z), we must calculate the amount of energy
stored over infinitesimal amounts of displacement (F'dz, or kz dx) and then add those bits of energy

up (/) to arrive at a total:
E, = /kx dz

9Hooke’s Law may be written as F' = kz without the negative sign, in which case the force (F) is the force applied
on the spring from an external source. Here, the negative sign represents the spring’s reaction force to being displaced
(the restoring force). A spring’s reaction force always opposes the direction of displacement: compress a spring, and
it pushes back on you; stretch a spring, and it pulls back. A negative sign is the mathematically symbolic way of
expressing the opposing direction of a vector.
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We may evaluate this integral using the power rule (z is raised to the power of 1 in the integrand):

1
E, = 5@:2 + E,

Where,

E, = Energy stored in the spring in joules (metric) or foot-pounds (English)

k = Constant of elasticity, or “spring constant” in newtons per meter (metric) or pounds per
foot (English)

2 = Displacement of spring in meters (metric) or feet (English)

Ey = The constant of integration, representing the amount of energy initially stored in the spring
prior to our displacement of it

For example, if we take a very large spring with a constant k equal to 60 pounds per foot and
displace it by 4 feet, we will store 480 foot-pounds of potential energy in that spring (i.e. we will do
480 foot-pounds of work on the spring).

Graphing the force-displacement function on a graph yields a straight line (as we would expect,
because Hooke’s Law is a linear function). The area accumulated underneath this line from 0 feet
to 4 feet represents the integration of that function over the interval of 0 to 4 feet, and thus the
amount of potential energy stored in the spring:

400

300

Force
(pounds) **

(F)

100

Displacement (x)
(feet)

Note how the geometric interpretation of the shaded area on the graph exactly equals the result
predicted by the equation FE, = %km2: the area of a triangle is one-half times the base times the
height. One-half times 4 feet times 240 pounds is 480 foot-pounds.
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1.8 Fluid mechanics

A fluid is any substance having the ability to flow: to freely change shape and move under the
influence of a motivating force. Fluid motion may be analyzed on a microscopic level, treating each
fluid molecule as an individual projectile body. This approach can be extraordinarily tedious on a
practical level, but still useful as a simple model of fluid motion.

Some fluid properties are accurately predicted by this model, especially predictions dealing with
potential and kinetic energies. However, the ability of a fluid’s molecules to independently move give
it unique properties that solids do not possess. One of these properties is the ability to effortlessly
transfer pressure, defined as force applied over area.

1.8.1 Pressure

The common phases of matter are solid, liquid, and gas. Liquids and gases are fundamentally distinct
from solids in their intrinsic inability to maintain a fixed shape. In other words, liquids and gases
tend to fill whatever solid containers they are held in. Similarly, both liquids and gases both have
the ability to flow, which is why they are collectively called fluids.

Due to their lack of definite shape, fluids tend to disperse any force applied to them. This stands
in marked contrast to solids, which tend to transfer force with the direction unchanged. Take for
example the force transferred by a nail, from a hammer to a piece of wood:

Hammer

Force
exerted
on nail

Nail

Wood Force
‘ exerted

on wood
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The impact of the hammer’s blow is directed straight through the solid nail into the wood below.
Nothing surprising here. But now consider what a fluid would do when subjected to the same
hammer blow:

Piston

A

Force
exerted
on piston

Fluid

Cylinder

Given the freedom of a fluid’s molecules to move about, the impact of the hammer blow becomes
directed everywhere against the inside surface of the container (the cylinder). This is true for all
fluids: liquids and gases alike. The only difference between the behavior of a liquid and a gas in the
same scenario is that the gas will compress (i.e. the piston will move down as the hammer struck
it), whereas the liquid will not compress (i.e. the piston will remain in its resting position). Gases
yield under pressure, liquids do not.

It is very useful to quantify force applied to a fluid in terms of force per unit area, since the force
applied to a fluid becomes evenly dispersed in all directions to the surface containing it. This is the
definition of pressure (P): how much force (F') is distributed across how much area (A).

F
P=—
A

In the metric system, the standard unit of pressure is the Pascal (Pa), defined as one Newton
(N) of force per square meter (m?) of area. In the English system of measurement, the standard unit
of pressure is the PSI: pounds (Ib) of force per square inch (in?) of area. Pressure is often expressed
in units of kilo-pascals (kPa) when metric units are used because one pascal is a rather low pressure
in most engineering applications.
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The even distribution of force throughout a fluid has some very practical applications. One
application of this principle is the hydraulic lift, which functions somewhat like a fluid lever:

Resulting
force

Applied
force Hydraulic lift

4

Small

piston Large

piston

Applied
force

Resulting
‘ Lever and fulcrum force

LeVer

Fulcrum

Ground

Force applied to the small piston creates a pressure throughout the fluid. That pressure exerts
a greater force on the large piston than what is exerted on the small piston, by a factor equal to
the ratio of piston areas. If the large piston has five times the area of the small piston, force will be
multiplied by five. Just like with the lever, however, there must be a trade-off so we do not violate
the Conservation of Energy. The trade-off for increased force is decreased distance, whether in the
lever system or in the hydraulic lift system. If the large piston generates a force five times greater
than what was input at the small piston, it will move only one-fifth the distance that the small
piston does. In this way, energy in equals energy out (remember that work, which is equivalent to
energy, is calculated by multiplying force by parallel distance traveled).

For those familiar with electricity, what you see here in either the lever system or the hydraulic
lift is analogous to a transformer: we can step AC voltage up, but only by reducing AC current.
Being a passive device, a transformer cannot boost power. Therefore, power out can never be greater
than power in, and given a perfectly efficient transformer, power out will always be precisely equal
to power in:

Power = (Voltage in)(Current in) = (Voltage out)(Current out)
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Work = (Force in)(Distance in) = (Force out)(Distance out)

Fluid may be used to transfer power just as electricity is used to transfer power. Such systems
are called hydraulic if the fluid is a liquid (usually oil), and pneumatic if the fluid is a gas (usually
air). In either case, a machine (pump or compressor) is used to generate a continuous fluid pressure,
pipes are used to transfer the pressurized fluid to the point of use, and then the fluid is allowed to
exert a force against a piston or a set of pistons to do mechanical work:

Hydraulic power system

Pipe

Pump Cylinder

Reservoir Piston

Pneumatic power system

Pipe

Cylinder
Compressor Of) Y

—1

D

Piston

An interesting use of fluid we see in the field of instrumentation is as a signaling medium, to
transfer information between places rather than to transfer power between places. This is analogous
to using electricity to transmit voice signals in telephone systems, or digital data between computers
along copper wire. Here, fluid pressure represents some other quantity, and the principle of force
being distributed equally throughout the fluid is exploited to transmit that representation to some
distant location, through piping or tubing:



1.8. FLUID MECHANICS 31

Pressure
gauge
Closed bulb
filled with
fluid

O

This illustration shows a simple temperature-measuring system called a filled bulb, where an
enclosed bulb filled with fluid is exposed to a temperature that we wish to measure. A rise in
temperature causes the fluid pressure to increase, which is sent to the gauge far away through
the pipe, and registered at the gauge. The purpose of the fluid here is two-fold: first to sense
temperature, and second to relay this temperature measurement a long distance away to the gauge.
The principle of even pressure distribution allows the fluid to act as a signal medium to convey the
information (bulb temperature) to a distant location.

1.8.2 Pascal’s Principle and hydrostatic pressure

We learned earlier that fluids tend to evenly distribute the force applied to them. This tendency is
known as Pascal’s principle, and it is the fundamental principle upon which fluid power and fluid
signaling systems function. In the example of a hydraulic lift given earlier, we assume that the
pressure throughout the fluid pathway is equal:

Resulting
: force
Applied (1350 Ibs)
(150 Ibs) Hydraulic lift

Small

\/

iston Large
@i pston
27in
Pressure = ( ) Pressure =
50 PSI 50 PSI

Pressure = Pressure =
50 PSI 50 PSI

The key assumption we make here is that the only force we need to consider on the fluid is the
force exerted on the small piston (150 pounds). If this is truly the only force acting on the fluid,
then it will likewise be the only source of fluid pressure, and pressure will simply be equal to force
divided by area (150 pounds + 3 square inches = 50 PSI).
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However, when we are dealing with tall columns of fluid, and/or dense fluids, there is another
force we must consider: the weight of the fluid itself. Suppose we took a cubic foot of water which
weighs approximately 62.4 pounds, and poured it into a tall, vertical tube with a cross-sectional
area of 1 square inch:

Water column
weight = 62.4 Ibs

Cross-sectional Pressure gauge

tube area = 1in®
62.4 PS|

Naturally, we would expect the pressure measured at the bottom of this tall tube to be 62.4
pounds per square inch, since the entire column of water (weighing 62.4 pounds) has its weight
supported by one square inch of area.
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If we placed another pressure gauge mid-way up the tube, though, how much pressure would it
register? At first you might be inclined to say 62.4 PSI as well, because you learned earlier in this
lesson that fluids naturally distribute force throughout their bulk. However, in this case the pressure
is not the same mid-way up the column as it is at the bottom:

Water column
weight = 62.4 Ibs

Pressure gauge

(Half-way up) 31.2PSl

Cross-sectional Pressure gauge

tube area = 1in®
62.4 PS|

The reason for this apparent discrepancy is that the source of pressure in this fluid system comes
from the weight of the water column itself. Half-way up the column, the water only experiences half
the total weight (31.2 pounds), and so the pressure is half of what it is at the very bottom. We never
dealt with this effect before, because we assumed the force exerted by the piston in the hydraulic
lift was so large it “swamped” the weight of the fluid itself. Here, with our very tall column of water
(144 feet talll), the effect of gravity upon the water’s mass is quite substantial. Indeed, without a
piston to exert an external force on the water, weight is the only source of force we have to consider
when calculating pressure.
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An interesting fact about pressure generated by a column of fluid is that the width or shape of
the containing vessel is irrelevant: the height of the fluid column is the only dimension we need to
consider. Examine the following tube shapes, all connected at the bottom:

Since the force of fluid weight is generated only along the axis of gravitational attraction (straight
down), that is the only axis of measurement important in determining “hydrostatic” fluid pressure.

The fixed relationship between the vertical height of a water column and pressure is such that
sometimes water column height is used as a unit of measurement for pressure. That is, instead of
saying “30 PSI,” we could just as correctly quantify that same pressure as 830.4 inches of water
(”W.C. or "H20), the conversion factor being approximately 27.68 inches of vertical water column
per PSI.

As one might guess, the density of the fluid in a vertical column has a significant impact on
the hydrostatic pressure that column generates. A liquid twice as dense as water, for example, will
produce twice the pressure for a given column height. For example, a column of this liquid (twice
as dense as water) 14 inches high will produce a pressure at the bottom equal to 28 inches of water
(28 "W.C.), or just over 1 PSI. An extreme example is liquid mercury, which is over 13.5 times as
dense as water. Due to its exceptional density and ready availability, the height of a mercury column
is also used as a standard unit of pressure measurement. For instance, 25 PSI could be expressed
as 50.9 inches of mercury ("Hg), the conversion factor being approximately 2.036 inches of vertical
mercury column per PSI.

The mathematical relationship between vertical liquid height and hydrostatic pressure is quite
simple, and may be expressed by either of the following formulae:

P = pgh

P =~h

Where,
P = Hydrostatic pressure in units of weight per square area unit: Pascals (N/m?) or Ib/ft?
p = Mass density of liquid in kilograms per cubic meter (metric) or slugs per cubic foot (British)
g = Acceleration of gravity (9.8 meters per second squared or 32 feet per second squared)
v = Weight density of liquid in newtons per cubic meter (metric) or pounds per cubic foot
(British)
h = Vertical height of liquid column
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Dimensional analysis vindicates these formulae in their calculation of hydrostatic pressure.
Taking the second formula as an example:

P =~h

el = L] 3]

As you can see, the unit of “feet” in the height term cancels out one of the “feet” units in the
denominator of the density term, leaving an answer for pressure in units of pounds per square foot.
If one wished to set up the problem so the answer presented in a more common pressure unit such as
pounds per square inch, both the liquid density and height would have to be expressed in appropriate
units (pounds per cubic inch and inches, respectively).

Applying this to a realistic problem, consider the case of a tank filled with 8 feet (vertical) of
castor oil, having a weight density of 60.5 pounds per cubic foot. This is how we would set up the
formula to calculate for hydrostatic pressure at the bottom of the tank:

P =~h

- (30 oo

484 1b
ft?

If we wished to convert this result into a more common unit such as PSI (pounds per square
inch), we could do so using an appropriate fraction of conversion units:

B (484 1b) ( 1t )
O\ 2 144 in2
_3.361b
1n

P

= 3.36 PSI
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1.8.3 Fluid density expressions

Fluid density is commonly expressed as a ratio in comparison to pure water at standard

temperature'®. This ratio is known as specific gravity. For example, the specific gravity of glycerin
may be determined by dividing the density of glycerin by the density of water:

. . a1 Dliquid

Specific gravity of any liquid = ——

water

Dyiycerin _ 78.6 Ib/ft>
Dwater 62.4 1b/ft3

As with all ratios, specific gravity is a unitless quantity. Note how the identical units of pounds
per cubic foot cancel out of both numerator and denominator, to leave a quotient with no unit at
all.

Specific gravity of glycerin =

Industry-specific units of measurement do exist for expressing the relative density of a fluid. These
units of measurement all begin with the word “degree” much the same as for units of temperature
measurement. They are as follows:

The mathematical relationships between each of these “degree” units of density versus specific
gravity!! is as follows:

141.5

D APl= ——M— —
eerees Specific gravity

131.5

Degrees Twaddell = 200 x (Specific gravity — 1)

Two different formulae exist for the calculation of degrees Baumé, depending on whether the
liquid in question is heavier or lighter than water. For lighter-than-water liquids:

140

— — 130
Specific gravity

Degrees Baumé (light) =

Note that pure water would measure 10° Baumé on the light scale. As liquid density decreases,
the light Baumé value increases. For heavier-than-water liquids:

145
Degrees Baumé (heavy) = 145 — —————
Specific gravity

Note that pure water would measure 0° Baumé on the heavy scale. As liquid density increases,
the heavy Baumé value increases.

10Usually, this standard temperature is 4 degrees Celsius, the point of maximum density for water. However,
sometimes the specific gravity of a fluid will be expressed in relation to the density of water at some other temperature.

1 For each of these calculations, specific gravity is defined as the ratio of the liquid’s density at 60 degrees Fahrenheit
to the density of pure water, also at 60 degrees Fahrenheit.
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Just to make things confusing, there are different standards for the heavy Baumé scale. Instead of
the constant value 145 shown in the above equation (used throughout the United States of America),
an older Dutch standard used the same formula with a constant value of 144. The Gerlach heavy
Baumé scale uses a constant value of 146.78:

144
Specific gravity

146.78
Specific gravity

Degrees Baumé (heavy, old Dutch) = 144 —

Degrees Baumé (heavy, Gerlach scale) = 146.78 —

There exists a seemingly endless array of “degree” scales used to express liquid density, scattered
throughout the pages of history. For the measurement of sugar concentrations in the food industries,
the unit of degrees Balling was invented. This scale was later revised to become the unit of degrees
Briz, which directly corresponds to the percent concentration of sugar in the liquid. The density of
tanning liquor may be measured in degrees Bark. Milk density may be measured in degrees Soxhlet.
Vegetable oil density (and in older times, the density of oil extracted from sperm whales) may be
measured in degrees Oleo.



38 CHAPTER 1. PHYSICS

1.8.4 Manometers

Expressing fluid pressure in terms of a vertical liquid column makes perfect sense when we use a very
simple kind of motion-balance pressure instrument called a manometer. A manometer is nothing
more than a piece of clear (glass or plastic) tubing filled with a liquid of known density, situated

next to a scale for measuring distance. The most basic form of manometer is the U-tube manometer,
shown here:

U-tube manometer

(vented) —— — (vented) — (vented)
=] Applied =]
= pressure =
% % h Height
= = l difference

Pressure is read on the scale as the difference in height (h) between the two liquid columns. One
nice feature of a manometer is it really cannot become “uncalibrated” so long as the fluid is pure
and the assembly is maintained in an upright position. If the fluid used is water, the manometer
may be filled and emptied at will, and even rolled up for storage if the tubes are made of flexible
plastic.

We may build even more sensitive manometers by purposely inclining one or more of the tubes,

so that distance read along the tube length is a fractional proportion of distance measured along
the vertical:

Inclined manometer
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This way, a greater motion of liquid is required to generate the same hydrostatic pressure (vertical
liquid displacement) than in an upright manometer, making the inclined manometer more sensitive.

If even more sensitivity is desired, we may build something called a micromanometer, consisting
of a gas bubble trapped in a clear horizontal tube between two large vertical manometer chambers:

A simple micromanometer

air
bubble

/

M
Scale

Pressure applied to the top of either vertical chamber will cause the vertical liquid columns to
shift just the same as any U-tube manometer. However, the bubble trapped in the clear horizontal
tube will move much further than the vertical displacement of either liquid column, owing to the
huge difference in cross-sectional area between the vertical chambers and the horizontal tube. This
amplification of motion makes the micromanometer exceptionally sensitive to small pressures.

A common form of manometer seen in calibration laboratories is the well type, consisting of a
single vertical tube and a relatively large reservoir (called the “well”) acting as the second column:

"Well" manometer

Applied
pressure

l

Scale

Well

Due to the well’s much larger cross-sectional area, liquid motion inside of it is negligible compared
to the motion of liquid inside the clear viewing tube. For all practical purposes, the only liquid motion
is inside the smaller tube. Thus, the well manometer provides an easier means of reading pressure:
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no longer does one have to measure the difference of height between two liquid columns, only the
height of a single column.
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1.8.5 Systems of pressure measurement

Pressure measurement is often a relative thing. What we mean when we say there is 35 PSI of air
pressure in an inflated car tire is that the pressure inside the tire is 35 pounds per square inch greater
than the surrounding, ambient air pressure. It is a fact that we live and breathe in a pressurized
environment. Just as a vertical column of liquid generates a hydrostatic pressure, so does a vertical
column of gas. If the column of gas is very tall, the pressure generated by it will be substantial
enough to measure. Such is the case with Farth’s atmosphere, the pressure at sea level caused by
the weight of the atmosphere is approximately 14.7 PSI.

You and I do not perceive this constant air pressure around us because the pressure inside our
bodies is equal to the pressure outside our bodies. Thus our skin, which serves as a differential
pressure-sensing diaphragm, detects no difference of pressure between the inside and outside of our
bodies. The only time the Earth’s air pressure becomes perceptible to us is if we rapidly ascend or
descend in a vehicle, where the pressure inside our bodies does not have time to equalize with the
pressure outside, and we feel the force of that differential pressure on our eardrums.

If we wish to speak of a fluid pressure in terms of how it compares to a perfect vacuum (absolute
zero pressure), we specify it in terms of absolute units. For example, when I said earlier that the
atmospheric pressure at sea level was 14.7 PSI, what I really meant is it is 14.7 PSIA (pounds per
square inch absolute), meaning 14.7 pounds per square inch greater than a perfect vacuum. When I
said earlier that the air pressure inside an inflated car tire was 35 PSI, what I really meant is it was
35 PSIG (pounds per square inch gauge), meaning 35 pounds per square inch greater than ambient
air pressure. When units of pressure measurement are specified without a “G” or “A” suffix, it is
usually (but not always!) assumed that gauge pressure (relative to ambient pressure) is meant.

This offset of 14.7 PSI between absolute and gauge pressures can be confusing if we must convert
between different pressure units. Suppose we wished to express the tire pressure of 35 PSIG in
units of inches of water column ("W.C.). If we stay in the gauge-pressure scale, all we have to do is
multiply by 27.68:

35PSI  27.68”W.C.
1 7 1PpsI

Note how the fractions have been arranged to facilitate cancellation of units. The “PSI” unit

in the numerator of the first fraction cancels with the “PSI” unit in the denominator of the second

fraction, leaving inches of water column ("W.C.) as the only unit standing. Multiplying the first

fraction (35 PSI over 1) by the second fraction (27.68 ”W.C. over 1 PSI) is “legal” to do since the

second fraction has a physical value of unity (1): being that 27.68 inches of water column is the

same physical pressure as 1 PSI, the second fraction is really the number “1” in disguise. As we

know, multiplying any quantity by unity does not change its value, so the result of 968.8 ?W.C. we
get has the exact same physical meaning as the original figure of 35 PSI.

= 968.8"W.C.

If, however, we wished to express the car’s tire pressure in terms of inches of water column
absolute (in reference to a perfect vacuum), we would have to include the 14.7 PSI offset in our
calculation, and do the conversion in two steps:

35 PSIG + 14.7 PSI = 49.7 PSIA

49.7 PSIA y 27.68”W.C.A
1 1 PSIA

=1375.7"W.C.A
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The proportion between inches of water column and pounds per square inch is still the same
(27.68) in the absolute scale as it is in the gauge scale. The only difference is that we included the
14.7 PSI offset in the very beginning to express the tire’s pressure on the absolute scale rather than
on the gauge scale. From then on, all conversions were in absolute units.

There are some pressure units that are always in absolute terms. One is the unit of atmospheres, 1
atmosphere being 14.7 PSTA. There is no such thing as “atmospheres gauge” pressure. For example,
if we were given a pressure as being 4.5 atmospheres and we wanted to convert that into pounds per
square inch gauge (PSIG), the conversion would be a two-step process:

4.5atm  14.7 PSIA

X = 66.15 PSTA
1 1 atm

66.15 PSIA — 14.7 PSI = 51.45 PSIG

Another unit of pressure measurement that is always absolute is the torr, equal to 1 millimeter
of mercury column absolute (mmHgA). 0 torr is absolute zero, equal to 0 atmospheres, 0 PSIA; or
-14.7 PSIG. Atmospheric pressure at sea level is 760 torr, equal to 1 atmosphere, 14.7 PSIA, or 0
PSIG.

If we wished to convert the car tire’s pressure of 35 PSIG into torr, we would once again have to
offset the initial value to get everything into absolute terms.

35 PSIG + 14.7 PSI = 49.7 PSIA

49.7 PSIA 760 torr

1 X 117 DSIA = 2569.5 torr
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1.8.6 Buoyancy

When a solid body is immersed in a fluid, it displaces an equal volume of that fluid. This displacement
of fluid generates an upward force on the object called the buoyant force. The magnitude of this
force is equal to the weight of the fluid displaced by the solid body, and it is always directed exactly
opposite the line of gravitational attraction. This is known as Archimedes’ Principle.

Buoyant force is what makes ships float. A ship sinks into the water just enough so the weight
of the water displaced is equal to the total weight of the ship and all it holds (cargo, crew, food,
fuel, etc.):

‘I......-"

Amount of water
displaced by the ship

If we could somehow measure the weight of that water displaced, we would find it exactly equals
the dry weight of the ship:

- __

Scale | 350[|wns Scale | 3500 |wns
/7SS

Archimedes’ Principle also explains why hot-air balloons and helium aircraft float. By filling a
large enclosure with a gas that is less dense than the surrounding air, that enclosure experiences
an upward (buoyant) force equal to the difference between the weight of the air displaced and the
weight of the gas enclosed. If this buoyant force equals the weight of the craft and all it holds (cargo,
crew, food, fuel, etc.), it will exhibit an apparent weight of zero, which means it will float. If the
buoyant force exceeds the weight of the craft, the resultant force will cause an upward acceleration
according to Newton’s Second Law of motion (F' = ma).

Submarines also make use of Archimedes’ Principle, adjusting their buoyancy by adjusting the
amount of water held by ballast tanks on the hull. Positive buoyancy is achieved by “blowing” water
out of the ballast tanks with high-pressure compressed air, so the submarine weighs less (but still
occupies the same hull volume and therefore displaces the same amount of water). Negative buoyancy
is achieved by “flooding” the ballast tanks so the submarine weighs more. Neutral buoyancy is when
the buoyant force exactly equals the weight of the submarine and the remaining water stored in
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the ballast tanks, so the submarine is able to “hover” in the water with no vertical acceleration or
deceleration.

An interesting application of Archimedes’ Principle is the quantitative determination of an
object’s density by submersion in a liquid. For instance, copper is 8.96 times as dense as water,
with a mass of 8.96 grams per cubic centimeter (8.96 g/cm?) as opposed to water at 1.00 gram per
cubic centimeter (1.00 g/cm?3). If we had a sample of pure, solid copper exactly 1 cubic centimeter
in volume, it would have a mass of 8.96 grams. Completely submerged in pure water, this same
sample of solid copper would appear to have a mass of only 7.96 grams, because it would experience
a buoyant force equivalent to the mass of water it displaces (1 cubic centimeter = 1 gram of water).
Thus, we see that the difference between the dry mass (mass measured in air) and the wet mass
(mass measured when completely submerged in water) is the mass of the water displaced. Dividing
the sample’s dry mass by this mass difference (dry — wet mass) yields the ratio between the sample’s
mass and the mass of an equivalent volume of water, which is the very definition of specific gravity.
The same calculation yields a quantity for specific gravity if weights instead of masses are used,
since weight is nothing more than mass multiplied by the acceleration of gravity (Fieight = mg),
and the constant g cancels out of both numerator and denominator:

Mry Mdryg Dry weight

Specific Gravity = = =
P Y Mdry — Mwet  Mdryg — Muwetg  Dry weight — Wet weight
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1.8.7 Gas Laws

The Ideal Gas Law relates pressure, volume, molecular quantity, and temperature of an ideal gas
together in one neat mathematical expression:

PV =nRT

Where,
P = Absolute pressure (atmospheres)
V' = Volume (liters)
n = Gas quantity (moles)
R = Universal gas constant (0.0821 L - atm / mol - K)
T = Absolute temperature (K)

An alternative form of the Ideal Gas Law uses the number of actual gas molecules (V) instead
of the number of moles of molecules (n):

PV = NET

Where,
P = Absolute pressure (atmospheres)
V' = Volume (liters)
N = Gas quantity (moles)
k = Boltzmann’s constant (1.38 x 10723 J / K)
T = Absolute temperature (K)

Although no gas in real life is ideal, the Ideal Gas Law is a close approximation for conditions of
modest gas density, and no phase changes (gas turning into liquid or visa-versa).

Since the molecular quantity of an enclosed gas is constant, and the universal gas constant must
be constant, the Ideal Gas Law may be written as a proportionality instead of an equation:

PV xT

Several “gas laws” are derived from this Ideal Gas Law. They are as follows:

PV = Constant Boyle’s Law (assuming constant temperature 7'
VT Charles’s Law (assuming constant pressure P)
PxT Gay-Lussac’s Law (assuming constant volume V')

You will see these laws referenced in explanations where the specified quantity is constant (or
very nearly constant).
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For non-ideal conditions, the “Real” Gas Law formula incorporates a corrected term for the
compressibility of the gas:

PV = ZnRT

Where,
P = Absolute pressure (atmospheres)
V' = Volume (liters)
Z = Gas compressibility factor (unitless)
n = Gas quantity (moles)
R = Universal gas constant (0.0821 L - atm / mol - K)
T = Absolute temperature (K)

The compressibility factor for an ideal gas is unity (Z = 1), making the Ideal Gas Law a limiting
case of the Real Gas Law. Real gases have compressibility factors less than unity (< 1). What this
means is real gases tend to compress more than the Ideal Gas Law would predict (i.e. occupies less
volume for a given amount of pressure than predicted, and/or exerts less pressure for a given volume
than predicted).
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1.8.8 Fluid viscosity

Viscosity is a measure of a fluid’s internal friction. The more “viscous” a fluid is, the “thicker” it is
when stirred. Clean water is an example of a low-viscosity liquid, while honey at room temperature
is an example of a high-viscosity liquid.

There are two different ways to quantify the viscosity of a fluid: absolute viscosity and kinematic
viscosity. Absolute viscosity (symbolized by the Greek symbol “eta” 7, or sometimes by the Greek
symbol “mu” p), also known as dynamic viscosity, is a direct relation between stress placed on
a fluid and its rate of deformation (or shear). The textbook definition of absolute viscosity is
based on a model of two flat plates moving past each other with a film of fluid separating them.
The relationship between the shear stress applied to this fluid film (force divided by area) and the
velocity /film thickness ratio is viscosity:

Force

F » plate Velocity
Y

e R

Fluid
plate
_FL
= Av

Where,
n = Absolute viscosity (pascal-seconds)
F = Force (newtons)
L = Film thickness (meters) — typically much less than 1 meter for any realistic demonstration!
A = Plate area (square meters)
v = Relative velocity (meters per second)

Another common unit of measurement for absolute viscosity is the poise, with 1 poise being equal
to 0.1 pascal-seconds. Both units are too large for common use, and so absolute viscosity is often
expressed in centipoise. Water has an absolute viscosity of very nearly 1.000 centipoise.

Kinematic viscosity (symbolized by the Greek letter “nu” v) includes an assessment of the fluid’s
density in addition to all the above factors. It is calculated as the quotient of absolute viscosity and
mass density:

Where,
v = Kinematic viscosity (stokes)
n = Absolute viscosity (poises)
p = Mass density (grams per cubic centimeter)
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As with the unit of poise, the unit of stokes is too large for convenient use, so kinematic viscosities
are often expressed in units of centistokes. Water has an absolute viscosity of very nearly 1.000
centistokes.

The mechanism of viscosity in liquids is inter-molecular cohesion. Since this cohesive force is
overcome with increasing temperature, most liquids tend to become “thinner” (less viscous) as they
heat up. The mechanism of viscosity in gases, however, is inter-molecular collisions. Since these
collisions increase in frequency and intensity with increasing temperature, gases tend to become
“thicker” (more viscous) as they heat up.

As a ratio of stress to strain (applied force to yielding velocity), viscosity is often constant for
a given fluid at a given temperature. Interesting exceptions exist, though. Fluids whose viscosities
change with applied stress, and/or over time with all other factors constant, are referred to as non-
Newtonian fluids. A simple example of a non-Newtonian fluid is cornstarch mixed with water, which
“solidifies” under increasing stress then returns to a liquid state when the stress is removed.
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1.8.9 Reynolds number

Viscous flow is when friction forces dominate the behavior of a moving fluid, typically in cases where
viscosity (internal fluid friction) is great. Inviscid flow, by contrast, is where friction within a moving
fluid is negligible. The Reynolds number of a fluid is a dimensionless quantity expressing the ratio
between a moving fluid’s momentum and its viscosity.

A couple of formulae for calculating Reynolds number of a flow are shown here:

_ DVp
L

Re

Where,
Re = Reynolds number (unitless)
D = Diameter of pipe, (meters)
V = Average velocity of fluid (meters per second)
p = Mass density of fluid (kilograms per cubic meter)
1 = Absolute viscosity of fluid (Pascal-seconds)

(3160)G;Q

Re = D

Where,
Re = Reynolds number (unitless)
Gy = Specific gravity of liquid (unitless)
@ = Flow rate (gallons per minute)
D = Diameter of pipe (inches)
1 = Absolute viscosity of fluid (centipoise)

The Reynolds number of a fluid stream may be used to qualitatively predict whether the flow
regime will be laminar or turbulent. Low Reynolds number values predict laminar flow, where fluid
molecules move in straight “stream-line” paths, and fluid velocity near the center of the pipe is
substantially greater than near the pipe walls:

Laminar flow

Velocity
"profile”
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High Reynolds number values predict turbulent flow, where individual molecule motion is chaotic
on a microscopic scale, and fluid velocities across the face of the flow profile are similar:

Turbulent flow

pipe wall

D

NE)’D ) Velocit
~ y
Fluid flow » @ “profile”

O0E

| pipe waII |

A generally accepted rule-of-thumb is that Reynolds number values less than 2,000 will probably
be laminar, while values in excess of 10,000 will probably be turbulent. There is no definite threshold
value for all fluids and piping configurations, though. To illustrate, I will share with you some
examples of Reynolds number thresholds for laminar versus turbulent flows are given by various
technical sources:

Chapter 2.8: Laminar Flowmeters of the Instrument Engineer’s Handbook, Process Measurement
and Analysis, Third Edition (pg. 105 — authors: R. Siev, J.B. Arant, B.G. Liptdk) define Re <
2,000 as “laminar” flow, Re > 10,000 as “fully developed turbulent” flow, and any Reynolds number
values between 2,000 and 10,000 as “transitional” flow.

Chapter 2: Fluid Properties — Part IT of the ISA Industrial Measurement Series — Flow (pg. 11)
define “laminar” flow as Re < 2,000, “turbulent” flow as Re > 4,000, and any Reynolds values in
between 2,000 and 4,000 as “transitional” flow.

The Laminar Flow in a Pipe section in the Standard Handbook of Engineering Calculations (pg. 1-
202) defines “laminar” flow as Re < 2,100, and “turbulent” flow as Re > 3,000. In a later section of
that same book (Piping and Fluid Flow — page 3-384), “laminar” flow is defined as Re < 1,200 and
“turbulent” flow as Re > 2,500.

Douglas Giancoli, in his physics textbook Physics (third edition, pg. 11), defines “turbulent” flow
as Re < 2,000 and “turbulent” flow as Re > 2,000.

Finally, a source on the internet (http://flow.netfirms.com/reynolds/theory.htm) attempts to
define the threshold separating laminar from turbulent flow to an unprecedented degree of precision:
Re < 2,320 is supposedly the defining point of “laminar” flow, while Re > 2,320 is supposedly marks
the onset of “turbulent” flow.

Clearly, Reynolds number alone is insufficient for consistent prediction of laminar or turbulent
flow, otherwise we would find far greater consistency in the reported Reynolds number values for each
regime. Pipe roughness, swirl, and other factors influence flow regime, making Reynolds number
an approximate indicator only. It should be noted that laminar flow can be sustained at Reynolds
numbers significantly in excess of 10,000 under very special circumstances. For example, in certain
coiled capillary tubes, laminar flow may be sustained all the way up to Re = 15,000, due to something
known as the Dean effect!
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1.8.10 Law of Continuity

Any fluid moving through a pipe obeys the Law of Continuity, which states that the product of
average velocity (), pipe cross-sectional area (A), and fluid density (p) for a given flow stream must
remain constant:

J f
\
p lAlV]_ pZAZVZ N

P3AV3

Fluid continuity is an expression of a more fundamental law of physics: the Conservation of
Mass. If we assign appropriate units of measurement to the variables in the continuity equation, we
see that the units cancel in such a way that only units of mass per unit time remain:

_ [kg] [mQ] m kg
o= 1] [2] 2] - 2
m 1 S S
This means we may define the product pAv as an expression of mass flow rate, or W:

W = pAv

In order for the product pAw to differ between any two points in a pipe, mass would have to
mysteriously appear and disappear. So long as the flow is continuous (not pulsing), and the pipe
does not leak, it is impossible to have different rates of mass flow at different points along the flow
path without violating the Law of Mass Conservation. The continuity principle for fluid through a
pipe is analogous to the principle of current being the same everywhere in a series circuit, and for
equivalently the same reason!2.

We refer to a flowing fluid as incompressible if its density does not substantially change!'3. For
this limiting case, the continuity equation simplifies to the following form:

A1T7 = Ao

121n an electric circuit, the conservation law necessitating equal current at all points in a series circuit is the Law
of Charge Conservation.

13 Although not grammatically correct, this is a common use of the word in discussions of fluid dynamics. By
definition, something that is “incompressible” cannot be compressed, but that is not how we are using the term here.
We commonly use the term “incompressible” to refer to either a moving liquid (in which case the actual compressibility
of the liquid is inconsequential) or a gas/vapor that does not happen to undergo substantial compression or expansion
as it flows through a pipe. In other words, an “incompressible” flow is a moving fluid whose p does not substantially
change, whether by actual impossibility or by circumstance.
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Examining this equation in light of dimensional analysis, we see that the product Av is also an
expression of flow rate:
2 3
m m m
=[] [2]
1 S S

Cubic meters per second is an expression of volumetric flow rate, often symbolized by the variable

Q:
Q=Av

The practical implication of this principle is that fluid velocity is inversely proportional to the
cross-sectional area of a pipe. That is, fluid slows down when the pipe’s diameter expands, and
visa-versa. We see this principle easily in nature: deep rivers run slow, while rapids are relatively
shallow (and/or narrow).

For example, consider a pipe with an inside diameter of 8 inches (2/3 of a foot), passing a liquid
flow of 5 cubic feet per minute. The average velocity (v) of this fluid may be calculated as follows:

Q= Av
5=2
A
Solving for A in units of square feet:
A =mr?

Now, solving for average velocity v:
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1.8.11 Viscous flow

The pressure dropped by a slow-moving, viscous fluid through a pipe is described by the Hagen-
Poiseuille equation. This equation applies only for conditions of low Reynolds number; i.e. when
viscous forces are the dominant restraint to fluid motion through the pipe, and turbulence is

nonexistent:
APD*
=k
© ( pL )

Where,
@ = Flow rate (gallons per minute)
k = Unit conversion factor = 7.86 x10°
AP = Pressure drop (inches of water column)
D = Pipe diameter (inches)
1 = Liquid viscosity (centipoise) — this is a temperature-dependent variable!
L = Length of pipe section (inches)
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1.8.12 Bernoulli’s equation

Bernoulli’s equation is an expression of the Law of Energy Conservation for an inviscid fluid stream,
named after Daniel Bernoulli'4. It states that the sum total energy at any point in a passive fluid
stream (i.e. no pumps or other energy-imparting machines in the flow path) must be constant. Two
versions of the equation are shown here:

2 2

v v
leg+%p+P1:Z2pg+%p+P2
2 2

v P ) P
Zl+71+71:'22+72+72
29 v 29 v

Where,
z = Height of fluid (from a common reference point, usually ground level)
p = Mass density of fluid
~v = Weight density of fluid (y = pg)
g = Acceleration of gravity
v = Velocity of fluid
P = Pressure of fluid

Each of the three terms in Bernoulli’s equation is an expression of a different kind of energy,
commonly referred to as head:

zZpg Elevation head

2
% Velocity head

P Pressure head

Elevation and Pressure heads are potential forms of energy, while Velocity head is a kinetic form
of energy. Note how the elevation and velocity head terms so closely resemble the formulae for
potential and kinetic energy of solid objects:

E, =mgh Potential energy formula

2

1
By =-mv Kinetic energy formula

2

The only real differences between the solid-object and fluid formulae for energies is the use of

mass density (p) for fluids instead of mass (m) for solids, and the arbitrary use of the variable z for

height instead of h. In essence, the elevation and velocity head terms within Bernoulli’s equation
come from the assumption of individual fluid molecules behaving as miniscule solid masses.

14 According to Ven Te Chow in Open Channel Hydraulics, who quotes from Hunter Rouse and Simon Ince’s work
History of Hydraulics, Bernoulli’s equation was first formulated by the great mathematician Leonhard Euler and made
popular by Julius Weisbach, not by Daniel Bernoulli himself.
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It is very important to maintain consistent units of measurement when using Bernoulli’s equation!
Each of the three energy terms (elevation, velocity, and pressure) must possess the exact same units
if they are to add appropriately'®. Here is an example of dimensional analysis applied to the first
version of Bernoulli’s equation (using British units):

v2p

ng+7+P

o] (3] 5] ] 2] - 2]

As you can see, both the first and second terms of the equation (elevation and velocity heads)
bear the same unit of slugs per foot-second squared after all the “feet” are canceled. The third term
(pressure head) does not appear as though its units agree with the other two terms, until you realize
that the unit definition of a “pound” is a slug of mass multiplied by the acceleration of gravity in
feet per second squared, following Newton’s Second Law of motion (F = ma):

1b] = ]| 5|

Once we make this substitution into the pressure head term, the units are revealed to be the
same as the other two terms, slugs per foot-second squared:

1b slug {g} slug
{fﬁ} I [ft : SQ}

In order for our British units to be consistent here, we must use feet for elevation, slugs per
cubic foot for mass density, feet per second squared for acceleration, feet per second for velocity,
and pounds per square foot for pressure. If one wished to use the more common pressure unit of
PST (pounds per square inch) with Bernoulli’s equation instead of PSF (pounds per square foot),
all the other units would have to change accordingly: elevation in inches, mass density in slugs per
cubic inch, acceleration in inches per second squared, and velocity in inches per second.

Just for fun, we can try dimensional analysis on the second version of Bernoulli’s equation, this
time using metric units:

z+ : + B
29 v
ey TR

Here, we see that all three terms end up being cast in simple units of meters. That is, the fluid’s
elevation, velocity, and pressure heads are all expressed as simple elevations. In order for our metric
units to be consistent here, we must use meters for elevation, meters per second for velocity, meters

15Surely you’'ve heard the expression, “Apples and Oranges don’t add up.” Well, pounds per square inch and
pounds per square foot don’t add up either!
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per second squared for acceleration, pascals (newtons per square meter) for pressure, and newtons
per cubic meter for weight density.

The following example shows how we would apply Bernoulli’s equation to the solution of pressure
at a point in a water piping system, assuming no frictional losses at any point:

Valve

P, =277

Pipe diameter = 6 inches —»

Elevation difference

i = 3 feet

P, = 46 PS|

Pipe diameter = 10 inches
v, =11 ft/s

Water has a nominal density of 62.4 pounds per cubic foot, but this is weight density () and
not mass density (p). If we wish to use the form of Bernoulli’s equation where all terms are in units
of pressure (zpg + # + P), we must have a value of p for water.

The relationship between weight density v and mass density p is the exact same relationship
between weight (Fyy) and mass (m) in a gravitational field (g). Newton’s Second Law equation
relating force to mass and acceleration (F' = ma) works well to relate weight to mass and
gravitational acceleration:
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Dividing both sides of this equation by volumetric units (V) (e.g. cubic feet) gives us our
relationship between ~ and p:

Fw _m
v - vY
Y =pPg

Water has a weight density of 62.4 pounds per cubic foot in Earth gravity (32.2 feet per second
squared), so:

Y
p=2
g
62.4 1b/ft* 3
= — 1.94 slugs/ft
Y ft/s° 8s/

Now we are ready to begin our Bernoulli’s equation calculations. Since we have the freedom to
choose any arbitrary point in the piping system as our reference elevation (z = 0), we will set the
location of the first pressure gauge as this reference height, so the second pressure gauge will have a
positive elevation value of 3 feet. First, calculating the values of all terms (elevation, velocity, and
pressure) at the first point, near the discharge of the pump:

Head Calculation Value
z1p9 (0 ft) (1.94 slugs/ft?) (32.2 ft/s?) 0 1b/ft3
vip/2 (11 ft/s)? (1.94 slugs/ft?) / 2 117.4 Ib/ft3
P (46 1b/in?) (144 in?/1 £2) 6624 1b/ft?
Total | 01b/ftZ + 6.56 Ib/ft> + 6624 Ib/ft? | 6741.4 1b/ft2

Note the absolutely consistent use of units: all units of distance are feet. All units of time are
seconds. Failure to maintain consistency of units will result in (often severely) incorrect results!'®

Next, we will calculate the values of the elevation and velocity heads at the location of the second
pressure gauge. Here, the pressure is unknown, but the elevation is given as 3 feet higher than the
first gauge, and the velocity may be calculated by pipe size. We know that the pipe here is 6 inches
in diameter, while it is 10 inches in diameter where the velocity is 11 feet per second. Since area
varies with the square of the diameter, and velocity varies inversely with area, we can tell that the
velocity at the second pressure gauge will be 2.78 times greater than at the first pressure gauge:

(DY
V2 = U1 D2

161t is entirely possible to perform all our calculations using inches and/or minutes as the primary units instead of
feet and seconds. The only caveat is that all units throughout all terms of Bernoulli’s equation must be consistent.
This means we would also have to express mass density in units of slugs per cubic inch, the acceleration of gravity in
inches per second squared (or inches per minute squared), and velocity in units of inches per second (or inches per
minute). The only real benefit of doing this is that pressure would remain in the more customary units of pounds per
square inch. My personal preference is to do all calculations using units of feet and seconds, then convert pressures
in units of PSF to units of PSI at the very end.
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. 2
vy = 11 ft s (160.111)

m

vy = (11 ft/5)(2.78) = 30.56 ft /s

Tabulating our calculations and results:

Head Calculation Value

z2pg (3 ft) (1.94 slugs/ft?) (32.2 ft/s?) 187.4 Ib/ft3
v3p/2 (30.56 ft/s)? (1.94 slugs/ft3) / 2 905.6 1b/ft>
Total 187.4 Ib/ft? + 905.6 1b/ft? + P, 1093 Ib/ft2 + P,

Knowing that the total head calculated at the first location was 6741.4 1b/ft?, and the
Conservation of Energy requires total heads at both locations be equal (assuming no energy lost to
fluid friction along the way), P, must be equal to:

6741.4 Ib/ft* = 1093 Ib/ft* + P,

Py = 6741.4 1b/ft> — 1093 Ib/ft* = 5648.3 1b/ft*

Converting pounds per square foot into the more customary unit of pounds per square inch
(PSI):

1 ft2
P, = (5648.3 1b/ft>
2= ( / )(144 in2)

P, =39.2 1b/in®

Note how much lower the pressure is at the second gauge than at the first: 39.2 PSI compared
to 46 PSI: almost a 7 PSI decrease in pressure. Note also how little vertical distance separates the
two gauges: only 3 feet. Clearly, the change in elevation between those two points in insufficient
to account for the large loss in pressure!”. Given a 3 foot difference in elevation, one would expect
a pressure reduction of about 1.3 PSI for a static column of water, but what we’re seeing in this
piping system is a pressure drop of nearly 7 PSI. The difference is due to an exchange of energy
from potential to kinetic form, as the fluid enters a much narrower pipe (6 inches instead of 10) and
must increase velocity.

Furthermore, if we were to increase the flow rate discharged from the pump, resulting in even
more velocity through the narrow pipe, pressure at P, might even drop lower than atmospheric.
In other words, Bernoulli’s equation tells us we can actually produce a vacuum by accelerating a
fluid through a constriction. This principle is widely used in industry with devices known as steam
eductors: tapered tubes through which steam flows at high velocity to produce a vacuum at the
throat useful for reducing pressure in process vessels.

17 A simple approximation for pressure loss due to elevation gain is approximately 1 PSI for every 2 vertical feet of
water (1 PSI for every 27.68 inches to be more exact).
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1.8.13 Torricelli’s equation

The velocity of a liquid stream exiting from a nozzle, pressured solely by a vertical column of that
same liquid, is equal to the free-fall velocity of a solid mass dropped from the same height as the
top of the liquid column. In both cases, potential energy (in the form of vertical height) converts to
kinetic energy (motion):

(same velocities) l
%

%
—

This was discovered by Evangelista Torricelli almost 100 years prior to Bernoulli’s more
comprehensive formulation. The velocity may be determined by solving for v after setting the
potential and kinetic energy formulae equal to each other (since all potential energy at the upper
height must translate into kinetic energy at the bottom, assuming no frictional losses):

1
mgh = imv2
1
gh = 51)2
2gh = v

v =1+/2gh

Note how mass (m) simply disappears from the equation, neatly canceling on both sides. This
means the nozzle velocity depends only on height, not the mass density of the liquid. It also means
the velocity of the falling object depends only on height, not the mass of the object.
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1.8.14 Flow through a venturi tube

If an incompressible fluid moves through a venturi tube (a tube purposefully built to be narrow in
the middle), the continuity principle tells us the fluid velocity must increase through the narrow
portion. This increase in velocity causes kinetic energy to increase at that point. If the tube is
level with the earth, there is negligible difference in elevation (z) between different points of the
tube’s centerline, which means elevation head remains constant. According to the Law of Energy
Conservation, some other form of energy must decrease to account for the increase in kinetic energy.
This other form is the pressure head, which decreases at the throat of the venturi:

Pressure Pressure Pressure
(greatest) (least) (less than upstream)

Ideally, the pressure downstream of the narrow throat should be the same as the pressure
upstream, assuming equal pipe diameters upstream and down. However, in practice the downstream
pressure gauge will show slightly less pressure than the upstream gauge due to some inevitable energy
loss as the fluid passed through the venturi. Some of this loss is due to fluid friction against the
walls of the tube, and some is due to viscous losses within the fluid driven by turbulent fluid motion
at the high-velocity throat passage.

The difference between upstream and downstream pressure is called permanent pressure loss,
while the difference in pressure between the narrow throat and downstream is called pressure
recovery.
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If we install vertical sight-tubes called piezometers along a horizontal venturi tube, the differences
in pressure will be shown by the heights of liquid columns within the tubes. Here, we assume an
ideal (inviscid) liquid with no permanent pressure loss:

Piezometer Piezometer Piezometer

Ground leve

L7777 7777777777777 777777777 777777777777
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If we add three more piezometers to the venturi tube assembly, each one equipped with its own
Pitot tube facing upstream to “catch” the velocity of the fluid, we see that total energy is indeed
conserved at every point in the system. Here, each of the “heads” represented in Bernoulli’s equation
are shown in relation to the different piezometer heights:

z 4 U—Q + r_ (constant)
29 v
V%29 V5129
Yo energyline YU
P,y v,’129 P,y
P.ly %

Z 7 Z3

L7777 7777777777 777777777777 777777777777
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A more realistic scenario would show the influence of energy lost in the system due to friction.
Here, the total energy is seen to decrease as a result of friction:

| | Gl

Z Z Z3

L7777 77777777777 777777777777 7777777777
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Chapter 2

Chemistry

Chemistry is the study of how atoms join with and separate from one another. Like so many
other areas of physical science, the patterns and laws we see in chemical reactions are dominated
by two fundamental laws of physics: the Conservation of Mass and the Conservation of Energy.
The particles of matter comprising atoms have the ability to store energy in potential form, and
their tendency is to “seek” the lowest potential energy state possible. The arrangement of electrons
around the nucleus of an atom is dictated by this Law, and so is the formation of molecules (atoms
bonded together): electrons seeking the lowest possible energy states. The rest, as they say, is all
detail.

We exploit this property of energy storage in the fuels we use. Natural gas, for example, is a
relatively stable combination of hydrogen (H) and carbon (C) atoms (mostly in molecules of CHy).
However, when placed in the vicinity of free oxygen (O) atoms, and given enough energy (a spark)
to cause the hydrogen and carbon atoms to separate from each other, the hydrogen atoms strongly
bond with oxygen atoms to form water molecules (H2O), while the carbon atoms also strongly bond
with oxygen atoms to form carbon dioxide molecules (COs). These strong bonds formed between
hydrogen, carbon, and oxygen in the water and carbon dioxide molecules are the result of electrons
within those atoms seeking lower energy states than they possessed while forming molecules of
natural gas (CHy). In other words, the energy states of the electrons in the hydrogen and carbon
atoms were higher when they were joined to form natural gas than they are when joined with oxygen
to form water and carbon dioxide. As those electrons attain lower energy states, they difference of
energy must go somewhere (since energy cannot be created or destroyed), and so the chemical
reaction releases that energy in the forms of heat and light. This is called combustion, and it is the
practical benefit of a fuel.

Too many other practical applications of chemistry exist to summarize in these pages, but this
chapter aims to give you an foundation to understand certain chemistry concepts necessary to
comprehend the function of certain instruments (notably analyzers) and processes.
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CHAPTER 2. CHEMISTRY

2.1 Terms and Definitions

Atom: the smallest unit of matter that may be isolated by chemical means.

Particle: a part of an atom, separable from the other portions only by levels of energy far in
excess of chemical reactions.

Proton: a type of “elementary” particle, found in the nucleus of an atom, possessing a positive
electrical charge.

Neutron: a type of “elementary” particle, found in the nucleus of an atom, possessing no
electrical charge, and having nearly the same amount of mass as a proton.

Electron: a type of “elementary” particle, found in regions surrounding the nucleus of an atom,
possessing a negative electrical charge, and having just a small fraction of the mass of a proton
or neutron.

Element: a substance composed of atoms all sharing the same number of protons in their
nuclei.

Atomic number: the number of protons in the nucleus of an atom — this quantity defines the
chemical identify of an atom.

Atomic mass or Atomic weight: the total number of elementary particles in the nucleus of an
atom (protons + neutrons) — this quantity defines the vast majority of an atom’s mass, since
the only other elementary particle (electrons) are so light-weight by comparison to protons
and neutrons.

Ion: an atom or molecule that is not electrically balanced (equal numbers of protons and
electrons).

Isotope: a variation on the theme of an element — atoms sharing the same number of protons
in their nuclei, but having different numbers of neutrons, are called “isotopes”.

Molecule: the smallest unit of matter composed of two or more atoms joined by electron
interaction in a fixed ratio. The smallest unit of a compound.

Compound: a substance composed of identical molecules.

Mizture: a substance composed of different atoms or molecules.
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2.2 Atomic theory and chemical symbols

The three “elementary” particles of matter comprising all atoms are electrons, protons, and neutrons.
Combinations of these three particle types in various whole-number quantities comprise every type
of atom.

Protons and neutrons are very tightly bound together in the nucleus (center) of an atom. The
bind is so tight that only extraordinary forces are able to pry an atom’s nucleus apart. Suffice it
to say, one cannot disturb the stability of an atomic nucleus by rubbing, cutting, grinding, heating,
smashing, or any other macroscopic physical process. The force binding protons and neutrons
together in the nucleus is known as the strong nuclear force.

Electrons “orbit” the nucleus of atoms, and are held in proximity to those nuclei by electrostatic
attraction (the so-called electromagnetic force), which is many orders of magnitude weaker than
the strong nuclear force. Thus, electrons can be dislodged from or added to atoms through the
agency of macroscopic forces such as rubbing, cutting, grinding, heating, etc. It is the changeable
configurations of electrons that accounts for different atoms joining together to form molecules.

The chemical identify of any atom is a simple and direct function of how many protons that
atom has in its nucleus. Nitrogen atoms, for example, each have seven (7) protons in their nuclei.
This quantity is called the atomic number of an atom. In order for an atom to have a net neutral
electric charge, there must be as many electrons orbiting the nucleus as there are protons in the
nucleus. Therefore, a neutral atom of nitrogen will have seven electrons orbiting around the nucleus,
electrically balancing the seven protons within the nucleus.

The number of neutrons within the nucleus of an atom does not affect the atom’s chemical
identity, but it may affect its nuclear properties (e.g. whether or not it is radioactive; to what
degree it captures certain forms of particulate radiation, etc.). For example, most nitrogen atoms
have seven neutrons along with seven protons in their nuclei, giving a total nuclear particle count of
fourteen — the atomic mass of the atom, sometimes called the atomic weight. However, it is possible
for a nitrogen atom to have eight neutrons (an atomic mass of fifteen) and still be “nitrogen,” with
all the same chemical properties.
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A vastly simplified model of a common nitrogen atom is shown here, with 7 protons, 7 neutrons,
and 7 electrons:
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The atomic number of this atom (the number of protons in the nucleus) is seven, which is what
makes it Nitrogen. The atomic weight of this atom (the sum of protons and neutrons in the nucleus)
is fourteen. The chemical symbol for this atom is shown here:

Atomic mass (or weight)
(number of protons + neutrons)

N
14

2

Atomic number
(number of protons)

The atomic number is redundant to the letter “N” for Nitrogen, since only the element nitrogen
can have an atomic number of seven. The atomic mass is only relevant when we need to distinguish
one isotope of nitrogen from another (variations of elements having the same number of protons but
different numbers of neutrons), and this is seldom because the chemical properties of isotopes are
identical — only their masses differ. For these reasons, you will usually find no left-hand subscripts
or superscripts placed near chemical symbols of elements in chemical expressions.

By contrast, subscripts and superscripts placed to the right of a chemical symbol have very
important meanings in chemistry. A right-hand subscript refers to the number of atoms bound
together to form a molecule. A right-hand superscript refers to the electrical charge possessed by an
atom (or by a molecule) by virtue of the number of electrons not matching the number of protons:

lonic charge
(- means extra electrons,
+ means missing electrons)

3-

2

Number of atoms
bound together
in a molecule



70 CHAPTER 2. CHEMISTRY

An Ny molecule may be represented simplistically as follows, the two nitrogen atoms joined by a
mutual sharing of the highest-energy (valence) electrons, shown in this illustration as those electrons
residing in the largest-diameter “orbits:”

An N, molecule

(Two atoms of Nitrogen bound together by the sharing of electrons)

An N3~ ion is an atom of nitrogen having three more electrons than it normally would when
electrically balanced:

An N ion

(Possesses three more electrons than an electrically balanced atom would)
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A chemical formula is a written description of a molecule’s composition. Ethanol (ethyl alcohol),
for example, is a conglomerate of two carbon atoms, six hydrogen atoms, and one oxygen atom. One
way to express this structure is to write the following formula for ethanol, the right-hand subscripts
showing the relative quantities of atoms in each ethanol molecule:

C2HgO

This is called a molecular chemical formula, because it shows the proportions of atom types
comprising each molecule.

A more common way to write the formula for ethanol, though, is this:

C.HsOH

Here, an attempt is made to show that one of the hydrogen atoms is more removed than the
others. This is called a structural formula. If more detail is needed, a semi-graphic representation
called a displayed formula may be used in lieu of a structural formula in lieu of a structural formula:

Displayed formula for ethanol
(C,HsOH)

I
I—0—T
I—0—T
O
I
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2.3 Periodic table of the elements

H 1 He 2
Hydrogen Periodic Table of the Elements Helium
1.00794 4.00260
Metalloids Nonmetals .
1s’ 1s®
L 3 |Be 4 Symbol —»{K 10]~—Atomic number B 5 c 6 [N 7o 8 [F 9 Ne 10
Lithium | Beryllium . _| Potassium Boron | Carbon | Nitogen | Oxygen | Fluorine | Neon
6.941 9.012182 Name 39.0983 <|— Atomic mass 10.81 12.011 14.0067 | 15.9994 | 18.9984 20.179
2s! 252 45t 2pt 2p® 2p* 2p* 2p° 2p®
Electron _~
Na 11/Mg 12| configuration Al 13 |Si 14 [P 15 |S 16 [Cl 17 |Ar 18
Sodium | Magnesium Aluminum | Silicon | Phosphorus|  Sulfur Chlorine |  Argon
22.989768 | 24.3050 269815 | 28.0855 | 309738 | 3206 | 35453 | 39.948
1 2 Metals 1 2 3 9 s 5
3¢ ES 3pt 3p 3p 3p 3p 3p
K 19ca 20 |sc 2afTi 22]v 23fcr  2a|Mn 25|Fe  26[Co 27|Ni  28[cu  29[zn  30|ea 31|ce 32|As 33se 34aler I[kr b
Potassium| Calcium | Scandium | Titanium | Vanadium | Chromium|Manganese|  Iron Cobalt Nickel | Copper | Zinc Gallium Arsenic | Selenium | Bromine | Krypton
300083 | 40078 |44.955010 | 47.88 50.0415 | 51.9961 | 54.93805 | 55.847 | 58.93320 | 5869 | 63.546 6539 | 69.723 7261 | 74.92150 | 7896 | 79.904 83.80
as* 4s” 3d'4s” 3d’4s® 3d%4s” 3d°as* 3d°4s” 3d%4s® 3d'as 3d%as® 3d%s' | 3d"4s” | 4p* ap* 4p* 4p* 4p® 4p°
Rb  37lsr 38y 29[z 40[Nb  41|Mo  42][Tc  43|Ru  44|Rh  45|Pd  46|Ag 47 |Cd  48[in 49[sn  s0[sb s1|Te 52 53[xe 54
Rubidium | Strontium | Yttrium | Zirconium | Niobium Ruthenium | Rhodium | Palladium | Silver | Cadmium |  Indium Tin Antimony | Tellurium | lodine | Xenon
854678 | 87.62 | 88.90585 | 91.224 | 92.90638 | 95.94 (98) 10107 |102.90550 | 106.42 | 107.8682 | 112411 | 11482 | 118710 | 12175 | 127.60 | 126905 | 131.30
5st 557 4d'ss? 4d%5s? 4d‘sst 4d°5s* 4d°ss? 4d’ss* 4dsst 4d'°5s” 4d"%5s! 4d'°5s? 5p' 5p° 5p° sp* 5p° 5p°
cs ss|Ba 56| 57-71 |Hf  72[Ta 73w 74|Re 75|0Os  76]ir 77/pt  78|Au 79|Hg 80T B1|Pb 82[Bi  83[Po  84|At 85[Rn 86
Cesium | Barium |Lanthanide | Hafium | Tantalum | Tungsten | Rhenium | Osmium | Iridium | Platinum | Gold | Mercury | Thalium | Lead | Bismuth | Polonium | Astatine | Radon
13290543 | 137.327 | series | 178.49 | 180.9479 | 18385 | 186207 | 1902 | 192.22 | 19508 |196.96654 | 200.50 | 204.3833 | 207.2 |208.98037 | (209) (210) (222)
6s" 6s” 5d°6s” 50°%6s” 5d'6s” 50°6s” 5d°s” 5d'6s 5d°%s" 5d%s’ | 5d'%s” | 6p* 6p° 6p° 6p* 6p° 6p°
Fr 87|Ra  88]89-103 |Ung 104|Unp 105|Unh 106|Uns 107 108 109
Francium | Radium | Actinide | unnilquadium | Unnipentium | Unnilhexium | Unniiseptium
(223) (226) series (261) (262) (263) (262)
st 7 6d’7s? 6d7s 6d*7s?

Lta s7|ce s8|pr  59[Nd  60[Pm 61|sSm 62|Eu 63|cd 6a|Tb 65|Dy 66|Ho 67[Er e8[Tm e9|vb 70| 71

Lanthanide |Lanthanum| Cerium Samarium | Europium Terbium  [D: Holmium | Erbium | Thulium | Ytterbium | Lutetium
series | 138.9055 | 140.115 [140.90765 | 144.24 (145) 150.36 | 151.965 | 157.25 |158.92534 | 16250 |164.93032 | 167.26 |168.93421 | 173.04 | 174.967
5d'6s” 4f'5d'6s” | 4f’6s” af'6s’ 41%6s” 41%s” 4f6s” 4f'5d'6s | 4f%6s” 41%s” 4ft6s” 4f%6s” 41%s” aft'es” | af'sd'6s’

A 89[Th  90[pa  91]U 92Np  93[Pu  94[Am 95[cm 9s[Bk o97[cf 98[Es 99[Fm 100[Md 101[No 102[Lr 103

Actinide | Actinium | Thorium | Protactinium | Uranium | Neptunium | Plutonium | Americium | Curium | Berkelium  [Californium Fermium Nobelium | Lawrencium
series (227) | 2320381 |231.03588 | 238.0289 | (237) (244) (243) (247) (247) (251) (252) (257) (258) (259) (260)

6d'7s 6475’ 51%6d'7s | 5f°6d'7s? | 5f‘6d'7s? | 5%d°7s® | 5(6d’7s” | 5f76d'7s” | 5f°%6d°7s’ |5f'%6d°7s? |5f''6d’7s® |5f%6d°7s” |5f%6d"7s? | 6d°7s® 6d'7s

Attributes of each element may be interpreted in each table entry as such. In this example, we
have the element Potassium:

K 19
Potassium
39.0983

4st

The atomic number (number of protons in the nucleus of each Potassium atom) is 19. This
number defines the element. If we were to somehow to add or subtract protons from the nucleus of
a Potassium atom, it would cease being Potassium and transmutate into a different element.

The atomic mass or atomic weight (combined number of protons and neutron in the nucleus
of each Potassium atom) is 39. Neutrons may be added to or taken away from an atom’s nucleus
without changing its elemental identity. Atoms with the same number of protons but different
numbers of neutrons in the nucleus are called isotopes. Isotopes have the same chemical properties,
but may have different nuclear properties (such as stability — whether or not the atom is likely to
spontaneously decay, which we refer to as radioactivity). The periodic table entry shows an atomic
mass of slightly more than 39 for Potassium because different isotopes of Potassium exist in nature.
The table’s entries for atomic mass reflect the relative abundances of each element’s isotopes as
naturally found on the earth. Individually, though, the atomic mass of a single atom will always be
a whole number (just like the atomic number).

The outer-most electron shell configuration is shown here as 4s!, telling us that a neutral
Potassium atom has 1 electron residing in the “s” subshell of the 4th shell. The configuration of an
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atom’s electrons in the outermost different shells and subshells determines its chemical properties
(i.e. its tendency to bond with other atoms to form molecules). The next section discusses the
concept of shells and subshells in more detail.
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2.4 Electronic structure

Somewhere in your education, you were probably shown a model of the atom showing a dense nucleus
(comprised of protons and neutrons) surrounded by electrons whirling around like satellites around
a planet. While there are some useful features of this model, it is largely in error. A more realistic
view of atomic structure begins with the realization that electrons do not exist as discrete particles,
but rather as wave packets. In a sense, they orbit the nucleus within certain areas of probability,
as described by the principles of quantum mechanics. One way to envision this is to think of an
electron’s placement around the nucleus in the same way you might picture a city shrouded by a
layer of fog. The electron does not have a discrete location, but rather may be found anywhere
within a certain region to varying degrees of probability.

Things get even stranger as we encounter atoms having multiple electrons. No two electrons may
share the same quantum states in the same atom — a principle called the Pauli Fxclusion Principle.
This means the electrons surrounding a nucleus must exist in distinct patterns. Just a few of these
patterns are shown here as orbitals (regions of high probability where up to two electrons may be
found surrounding a nucleus):*

o 8

Electrons situate themselves around the nucleus of any atom according to one basic rule: the
minimization of potential energy. That is, the electrons “try” to get as close to the nucleus as
they can. Given the electrostatic attraction between negative electrons and the positive nucleus of
an atom, there is potential energy stored in the “elevation” between an orbiting electron and the
nucleus, just as there is gravitational potential energy in any object orbiting a planet. Electrons lose
energy as they situate themselves closer to the nucleus, and it requires an external input of energy
to move an electron further away from its parent nucleus.

In a sense, most of chemistry can be explained by this principle of minimized potential energy.
Electrons “want” to “fall” as close as they can to the positively-charged nucleus. However, there is
limited “seating” around the nucleus. As described by Pauli’s Exclusion Principle, electrons cannot
simply pile on top of each other in their quest for minimum energy, but rather must occupy certain
regions of space where their quantum states will be unique.

An analogy for visualizing this is to think of it in terms of an amphitheater, having concentric
rows of seats where spectators may view the event on stage. Everyone wants to be as close to the
action as possible, but each person is constrained to sitting in one seat. As a result, all the inner
seats are filled, with the only empty seats being further away from the stage. The concept of energy
fits neatly into this analogy as well: just as electrons give up energy to “fall into” lower-energy

IThese orbitals just happen to be the 1s, 2p, 3d, and 4f orbitals, as viewed from left to right. In each case, the
nucleus lies at the geometric center of each shape. In a real atom, all orbitals share the same center, which means
any atom having more than two electrons (that’s all elements except for hydrogen and helium!) will have multiple
orbitals around one nucleus. This four-set of orbital visualizations shows what some orbitals would look like if viewed
in isolation.
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regions around the nucleus, people must give up money to sit in the seats closest to the action on
stage.

The energy levels available for orbiting electrons are divided into categories of shells and subshells.
A “shell” (or, principal quantum number, n) describes the main energy level of an electron. In our
amphitheater analogy, this is the equivalent of seating sections. A “subshell” (or, subsidiary quantum
number, 1) further divides the energy levels within each shell, and assigns different shapes to the
electrons’ probability “clouds.” In the amphitheater analogy, this would be pairs of seats within
each section having varying degrees of comfort, each identical seat pair being one orbital. Just as
people want to sit as close to the action as possible (electrons occupying the lowest-value shell), they
also desire to sit in the most comfortable seats they can find in each section (electrons occupying
the lowest-energy subshell within each shell).

Chemists identify electron shells both by number (the value of the quantum number n) and/or
by capital letters: the first shell by the letter K, the second by L, the third by M, and the fourth
by N. Higher-order shells exist for atoms requiring a lot of electrons (high atomic number), and the
lettering pattern is alphabetic (fifth shell is O, sixth is P, etc.). Each successive shell has a different
number of subshells available, like amphitheater seating sections having different numbers of seats
(the sections closest to the stage having the fewest seats, and the furthest sections having the most
seats per section).

A numbering and lettering system is also used by chemists to identify subshells within each shell
(the ! quantum number value starting with zero, and lower-case letters beginning with “s”): the
first subshell (I = 0) in any shell represented by the letter s, the second (I = 1) by p, the third
(I =2) by d, the fourth (I = 3) by f, and all others by successive lower-case letters of the alphabet.
Each subshell of each shell has an even-numbered capacity for electrons, since the electrons in each
subshell are organized in “orbital” regions, each orbital handling a maximum of two electrons. The
number of orbitals per shell is equal to twice the [ value plus one. An “s” subshell has one orbital
holding up to two electrons. A “p” subshell has three orbitals holding up to six electrons total. A
“d” subshell has five orbitals holding up to ten electrons total. An “f” subshell has seven orbitals
holding up to 14 electrons total.

The number of subshells in any shell is the same as that shell’s n value. Thus, the first (K) shell
has but one subshell, “s”. The second (L) shell has two subshells, an “s” and a “p”. The third (M)

(1955 [

shell has three subshells available, an “s”, a “p”, and a “d”; and so on.
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Here is a list of the first few shells, their subshells, and electron capacity for each:

] Shell \ Subshell \ Subshell electron capacity ‘
’ n=1;K ‘ l=0;s ‘ 2 ‘
n=2;L 0;s 2
=1;p 6
n=3;M Il=0;s 2
l=1;p 6
=2:;d 10
n=4;N l ;S 2
Il=1;p 6
l=2:;d 10
[=3;f 14
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The complete electron configuration for an atom may be expressed using spectroscopic notation,
showing the shell numbers, subshell letters, and number of electrons residing within each subshell as
a superscript. For example, the element Helium (with an atomic number of 2) would be expressed
as 1s?, with just two electrons in the “s” subshell of the first shell. The following table shows the
electron structures of the first nineteen elements in the periodic table, from the element hydrogen
(atomic number = 1) to Potassium (atomic number = 19):

Element Atomic number Electron configuration
Hydrogen 1 1s!
Helium 2 1s?
Lithium 3 15225t
Beryllium 4 152252
Boron 5 1522s22p!
Carbon 6 1s22s%2p?
Nitrogen 7 1s22s%2p®
Oxygen 8 1s22s%2p?
Fluorine 9 1s22s%2p°
Neon 10 1522s%2p"
Sodium 11 15225%2pf3s!
Magnesium 12 15225%22p%3s?
Aluminum 13 1s22s%22p%3s23p!
Silicon 14 1522s%2p%3s23p?
Phosphorus 15 1s22522p%3s23p°
Sulfur 16 1s22s%22p%3s23p?
Chlorine 17 1522s22p%3s23p°
Argon 18 1522s22p%3s23p°
Potassium 19 1522522p%3s23pFas!

In order to avoid having to write unwieldy spectroscopic descriptions of each element’s electron
structure, it is customary to write the notation only for subshells that are unfilled. For example,
instead of writing the electron structure of the element Aluminum as 1s22s22p®3s23p!, we might
just as well write a condensed version showing only the last subshell (3p!), since all the previous
subshells are completely full.

Not only is this a convenience for tersely describing the electron structure of an element, but it
also represents an important concept in chemistry: the idea of valence. Electrons residing in the filled
subshells are, by definition, at lower energy states than electrons in unfilled subshells. Therefore, the
electrons in unfilled subshells are more readily pulled away from the atom than those lying below.
These relatively unsettled electrons are called wvalence electrons, and their number determines how
readily an atom will chemically interact with another atom. Atoms with no unfilled subshells are
extremely stable, and are called noble elements.

If we examine the electron structures of atoms with successively greater atomic numbers (more
protons in the nucleus, therefore more electrons in orbit to balance the electrical charge), we notice
that the shells and subshells fill up in an interesting pattern. One might think that all the lower-order
shells get completely filled before any electrons go into a higher-order shell — just as we might expect
people to fill every seat in all the lower seating sections of an amphitheater before filling any of the
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higher seats — but this is not the case. Instead, the energy levels of subshells within shells is split,
such that certain subshells within a higher shell will have a lower energy value than certain subshells
within a lower shell. Referring back to our amphitheater analogy, where seating sections represented
shells and seats of varying comfort represented subshells, it is as though people choose to fill the
more comfortable seats in the next higher seating section before taking the less-comfortable seats in
lowest available section, the desire for comfort trumping the desire for proximity to the stage.

A rule commonly taught in introductory chemistry courses called the Madelung rule (also referred
to as Aufbau order, after the German verb aufbauen meaning “to build up”) is that subshells fill
with increasing atomic number in such an order that the subshell with the lowest n + [ value, in the
lowest shell, gets filled before any others.

8s
| od |[ 5
7s
T ® [ sd |[ 4
6s
T °p 4d
Q 5s P
3 P 3d
o 4s 3
0 p
3s
2p
2s
1s

Madelung filling order: 1s — 2s — 2p — 3s — 3p — 4s — 3d — 4p — 5s — 4d — bp — 6s — 4f
— 5d — 6p — 7s — 5f — 6d — Tp — 8 — (etc.)

It should be noted that exceptions exist for this rule: the element Chromium, for instance.
Strictly following the Madelung rule in progressing from Vanadium (atomic number = 23, valence
electron structure 3d34s?) to Chromium (atomic number = 24), we would expect the next electron
to take residence in the “3d” subshell making Chromium’s valence structure be 3d*4s?, but instead
we find two more electrons residing in Chromium’s 3d subshell with one less in the 4s subshell
(3d°4s'). The sequence resumes its expected progression with the next element, Manganese (atomic
number = 25, valence electron structure 3d°4s?). The general principle of energy minimization still
holds true . . . it’s just that the relative energies of succeeding subshells do not follow a simple
rule structure. In other words, the Aufbau order is an over-simplified view of reality. To use the
amphitheater analogy again, it’s as if someone gave up one of the nice chairs in seating section 4 to
be closer to a friend who just occupied one of the less comfortable chairs in seating section 3.

The practical importance of electron configurations in chemistry is the potential energy possessed
by electrons as they reside in different shells and subshells. This is extremely important in the
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formation and breaking of chemical bonds, which occur due to the interaction of electrons between
two or more atoms. A chemical bond occurs between atoms when the outer-most (valence) electrons
of those atoms mutually arrange themselves in energy states that are lower (with the atoms together)
than they would be otherwise (with those atoms separated). The ability for different atoms to join
in chemical bonds completely depends upon the default energy states of electrons in each atom, as
well as the next available energy states in the other atoms. Atoms will bond together only if the
union allows electrons to assume lower energy levels. If this is not possible, those atoms cannot form
a stable bond. This is why different elements are very selective regarding what other elements they
will chemically bond with to form compounds: not all combinations of atoms result in decreased
potential energy.

The amount of energy required to break a chemical bond (i.e. separate the atoms from each other)
is the same amount of energy required to restore the atoms’ electrons to their previous (default)
states before they joined. This is the same amount of energy released by the atoms as they come
together to form the bond. Thus, we see the foundation of the general principle in chemistry that
forming chemical bonds releases energy, while breaking chemical bonds requires an input of energy
from an external source.

In summary, the whole of chemistry is a consequence of electrons not being able to assume
arbitrary positions around the nucleus of an atom. Instead, they seek the lowest possible energy
levels within a framework allowing them to retain unique quantum states. Atoms with mutually
agreeable electron structures readily bond together to form compounds, and they release energy in
the process of joining. Atoms with incompatible electron structures do not bond together.
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2.5 Formulae for common chemical compounds

These formulae are shown in molecular chemical form rather than structural form. For example,
ethanol appears here as CoHgO rather than CoH5OH. This means each formula shown in this section
merely represents the ratios of each element in a compound, making little or no attempt to convey
the structure of the molecule.

e Alcohol, methyl (methanol): CH4O

e Alcohol, butyl (butanol): C4H;00

e Alcohol, ethyl (ethanol): CoHgO

e Alcohol, phenol: CgHgO

e Aluminum oxide (alumina): Al;O3

e Ammonia: NHjz

e Ammonium carbonate: (NH4)2COs3

e Ammonium chloride (sal ammoniac): NH,4Cl
e Ammonium nitrate: NoH4O5

e Aromatic hydrocarbons:
Acetylene: CoHy
Propylene: C3Hg
Butylene: C4Hg
Benzene: CgHg
Toluene: C;Hg
Styrene: CgHg
Napthalene: CioHg
e Calcium carbonate (limestone, marble): CaCOg3
e Calcium chloride: CaCly
e Calcium hydroxide: Ca(OH)s
e Calcium oxide (lime or quicklime): CaO
e Calcium sulfate (gypsum): CaSOy
e Carbon monoxide: CO

e Carbon dioxide: CO,

e Carbon tetrachloride: CCly
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Carbonic acid: HoCOg3
Cellulose: (CgH1905)y,

Clay (or shale): H4Al5SisOg
Copper oxide (cuprite): CusO
Copper oxide (tenorite): CuO
Cyanic acid: HOCN

Ethyl mercaptan: CoHgS
Ethylene glycol: CoHgO4
Formaldehyde: CH>O
Formic acid: CH304

Glucose: CegH120¢

Glycerol: C3HgOg
Hydrazine: NoHy
Hydrocyanic acid: HCN
Hydrofluoric acid: HF
Hydrochloric acid: HCI
Hydrogen peroxide: HoOq
Hydrogen sulfide: HaS

Iron oxide: FeqOs
Magnesium hydroxide (milk of magnesia): Mg(OH)a
Nitric acid: HNOg
Nitroglycerine: C3HsN30g
Nitromethane: CH3NO9
Nitrous oxide: N5O

Ozone: Og
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e Paraffinic hydrocarbons:
Methane: CHy
Ethane: CoHg
Propane: C3Hg
Butane: C4Hqg
Pentane: CsHqo
Hexane: CgHia
Heptane: C7Hqg
Octane: CgHig
Nonane: CgHgg

Decane: CioHag
e Phosgene: COCly
e Phosphoric acid: H3POy
e Potassium chloride: KCI
e Potassium cyanide: KCN
e Potassium hydroxide: KOH
e Potassium sulfate: KoSOy
e Silane: SiH,
e Silica: SiO9
e Silicon carbide: SiC
e Sodium chloride (table salt): NaCl
e Sodium hydroxide: NaOH
e Sodium fluoride: NaF
e Strychnine: Cy1HooN5Oo
e Sucrose: C1oHo5011
e Sulfuric acid: HySOy4
e Sulfur dioxide: SO,
e Sulfur hexafluoride: SFg
e Turpentine: C1oHi6 (approx.)

e Zinc sulfate: ZnSOy4

CHAPTER 2. CHEMISTRY
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2.6 Molecular quantities

Sample sizes of chemical substances are often measured in moles. One mole of a substance is defined
as a sample having 6.022 x 10%* (Avogadro’s number) molecules?. An elemental sample’s mass is
equal to its molecular quantity in moles multiplied by the element’s atomic mass in amu (atomic
mass units). For example, 2.00 moles of naturally-occurring Potassium will have a mass of 78.2
grams. The value of Avogadro’s number is not arbitrary — it was chosen to be a direct proportion
between an element’s atomic mass value and the mass of a pure monatomic sample of that element,
in order to simplify calculations of sample masses based on known composition.

When referring to liquid solutions, the concentration of a solute is often expressed as a molarity,
defined as the number of moles of solute per liter of solution. Molarity is usually symbolized by an
italicized capital letter M. It is important to bear in mind that the volume used to calculate molarity
is that of the total solution (solute plus solvent) and not the solvent alone.

Suppose we had a solution of salt-water, comprised of 33.1 grams of table salt thoroughly mixed
with pure water to make a total volume of 1.39 liters. In order to calculate the molarity of this
solution, we first need to determine the equivalence between moles of salt and grams of salt. Since
table salt is sodium chloride (NaCl), and we know the atomic masses of both sodium (23.0 amu)
and chlorine (35.5 amu), we may easily calculate the mass of one mole of salt:

1 mole of NaCl = 23.0 g + 35.5 g = 58.5 g

Another way to state this is to say that sodium chloride (NaCl) has a formula weight of 58.5
amu (58.5 grams of mass per mole).

We may use this equivalence as a unity fraction to help us convert the number of grams of salt
per unit volume of solution into a molarity (moles of salt molecules per liter):

33.1g 1 mol mol
— =0407T— = 0407 M
(1.391) (58.5 g) 1

2Truth be told, a “mole” is 6.022 x 1023 of literally any discrete entities. There is nothing wrong with measuring
the amount of eggs in the world using the unit of the mole. Think of “mole” as a really big dozen!
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2.7 Stoichiometry

Stoichiometry is the accounting of atoms in a chemical equation. It is an expression of the Law of
Mass Conservation, in that elements are neither created nor destroyed in a chemical reaction. Thus,
the numbers and types of atoms in a reaction product sample must be the same as the numbers
and types of atoms in the reactants which reacted to produce it. For example, in the combustion
of natural gas in an oxygen-rich environment, the fuel (CHy) and oxidizer (O3) are the reactants,
while water vapor (HoO) and carbon dioxide gas (COs2) are the reaction products:

CH,4 + 205 — CO4 + 2H50

Reactants Reaction products
Carbon =1 x 1 Carbon =1 x 1
Hydrogen =1 x 4 Hydrogen = 2 x 2
Oxygen = 2 x 2 Oxygen = (1 x 2) + (2 x 1)

As you can see in this example, every single atom entering the reaction is accounted for in the
reaction products. The only exception to this rule is in nuclear reactions where elements transmutate
into different elements, with gains or losses in nuclear particles. No such transmutation occurs in any
mere chemical reaction, and so we may safely assume equal numbers and types of atoms before and
after any chemical reaction. Chemical reactions strictly involve re-organization of molecular bonds,
with electrons as the constituent particles comprising those bonds. Nuclear reactions involve the
re-organization of atomic nuclei (protons, neutrons, etc.), with far greater energy levels associated.

Often in chemistry, we know both the reactant and reaction product molecules, but we need
to determine their relative numbers before and after a reaction. The task of writing a general
chemical equation and then assigning multiplier values for each of the molecules is called balancing
the equation.
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2.7.1 Balancing chemical equations by trial-and-error

Balancing a chemical equation is a task that may be done by trial-and-error. For example, let us
consider the case of complete combustion for the hydrocarbon fuel ethane (CoHg) with oxygen (Ogz).
If combustion is complete, the reaction products will be water vapor (H2O) and carbon dioxide
(CO3). The unbalanced equation representing all reactants and products for this reaction is shown
here, along with a table showing the numbers of atoms on each side of the equation:

CoHg + O3 — Hy0 4 COq

Reactants Reaction products

Carbon = 2 Carbon =1
Hydrogen = 6 Hydrogen = 2

Oxygen = 2 Oxygen = 3

Clearly, this is not a balanced equation, since the numbers of atoms for each element are unequal
between the two sides of the equation.

A good place to start in balancing this equation is to look for an element represented by only
one molecule on each side of the equation. Carbon is an example (present in the ethane but not
in the oxygen molecule on the left-hand side, and in the carbon dioxide but not the water on the
right-hand side) and Hydrogen is another.

Beginning with carbon, we see that each ethane molecule contains two carbon atoms while each
carbon dioxide molecule contains just one carbon atom. Therefore, we may conclude that the ratio
of carbon dioxide to ethane must be 2-to-1, no matter what the other ratios might be. So, we double
the number of carbon dioxide molecules on the right-hand side and re-check our atomic quantities:

CoHg + O3 — HoO 4+ 2C0,

Reactants Reaction products

Carbon = 2 Carbon = 2
Hydrogen = 6 Hydrogen = 2

Oxygen = 2 Oxygen = 5
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Next, we will balance the hydrogen atom numbers, since we know hydrogen is an element found
in only one molecule on each side of the equation. Our hydrogen ratio is now 6:2 (left:right), so we
know we need three times as many hydrogen-containing molecules on the right-hand side. Tripling
the number of water molecules gives us:

CyHg + O3 — 3H20 4+ 2C0O4

Reactants Reaction products

Carbon = 2 Carbon = 2
Hydrogen = 6 Hydrogen = 6

Oxygen = 2 Oxygen = 7

Unfortunately, the numbers of oxygen atoms on each side of the equation are unequal, and it
is not immediately obvious how to make them equal. We need five more atoms of oxygen on the
left-hand side, but we cannot add exactly five more because oxygen atoms only come to us in pairs
(O2), limiting us to even-number increments.

However, if we double all the other molecular quantities, it will make the disparity of oxygen
atoms an even number instead of an odd number:

Now it is a simple matter to balance the number of oxygen atoms, by adding six more oxygen
molecules to the left-hand side of the equation:

Now the equation is balanced: the quantities of each type of atom on both sides of the equation

are equal.

2C3Hg + Oy — 6H50 + 4CO4

Reactants Reaction products

Carbon = 4 Carbon = 4
Hydrogen = 12 Hydrogen = 12

Oxygen = 2 Oxygen = 14

2CoHg + 709 — 6H50 + 4CO,

Reactants Reaction products

Carbon = 4 Carbon = 4
Hydrogen = 12 Hydrogen = 12
Oxygen = 14 Oxygen = 14
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2.7.2 Balancing chemical equations using algebra

A more mathematically sophisticated approach to stoichiometry involves the use of simultaneous
systems of linear equations. The fundamental problem chemists must solve when balancing reaction
equations is to determine the ratios of reactant and product molecules. If we assign a variable to
each molecular quantity, we may then write a mathematical equation for each element represented
by the reaction, and use algebra to solve for the variable values.

To illustrate, let us balance the equation describing the attack of aluminum metal’s protective
“passivation” layer of oxide by acid rain. When aluminum metal is exposed to oxygen, the outer
surface of the metal quickly forms a layer of aluminum oxide (AlyO3) which acts to impede further
oxidation of the metal. This protective layer, however, may be attacked by the presence of sulfuric
acid (HoSOy4). This acid finds its way into rainwater by way of sulfur compounds emitted during
the combustion of fuels containing sulfur. The products of this reaction between sulfuric acid and
aluminum oxide are a sulfate molecule (Al(SOy4)3) and water (H2O):

HQSO4 + A1203 — A12(SO4)3 + HQO

This equation contains four different molecules (acid, aluminum oxide, sulfate, and water), which
means we ultimately must solve for four different quantities. It also contains four different elements
(H, S, O, and Al). Since the mathematical requirement for solving a system of linear equations is
to have at least one equation per variable, it would first appear as though we could set up a 4 x 4
matrix (four equations of four variables). However, this will not work. If we tried to solve for four
unknown quantities, we would ultimately be foiled by an infinite number of solutions. This makes
sense upon further inspection, since any stoichiometric solution to this chemical reaction will have
an infinite number of correct proportions to satisfy it>. What we need to do is arbitrarily set one of
these molecular quantities to a constant value (such as 1), then solve for the quantities of the other
three. The result will be ratios or proportions of all the other molecules to the fixed number we
assigned to the one molecule type.

3Take the combustion of hydrogen and oxygen to form water, for example. We know we will need two Ha molecules
for every one Oz molecule to produce two HoO molecules. However, four hydrogen molecules combined with two
oxygen molecules will make four water molecules just as welll So long as we consider all three molecular quantities to
be unknown, we will never be able to solve for just one correct answer, because there is no one correct set of absolute
quantities, only one correct set of ratios or proportions.
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As an example, I will choose to set the number of acid molecules to 1, and use the variables z,
y, and z to solve for the numbers of the other molecules (oxide, sulfate, and water, respectively):

1 T = Y z
HQSO4 A1203 i AIQ(SO4)3 HQO

Now, I will write four different equations, each one representing the stoichiometric balance of one
element in the chemical equation. The following table shows each of the four elements with their
respective balance equations:

Element Balance equation

Hydrogen 240z =0y+22
Sulfur 1+ 0z =3y +0z
Oxygen 44+3z=12y+ 1z

Aluminum 042z =2y+ 0z

Simplifying each equation by eliminating all zero values and “1” coefficients:

Element Balance equation

Hydrogen 2=2z
Sulfur 1=3y
Oxygen 443x=12y+ =

Aluminum 2x =2y

We can see by examination of the first, second, and fourth equations that z must be equal to 1,
y must be equal to %, and that = and y are equal to each other (therefore, x must be equal to % as
well). Plugging these values into the variables of the third equation confirms this (4 + 1 =4 + 1).
Thus, our solution to this multi-variable system of equations is:

= — = — :1

It makes little sense to speak of fractions of a molecule, which is what the values of z and y
seem to suggest, but we must recall these values represent proportions only. In other words, we
need but one-third as many oxide and sulfate molecules as acid and water molecules to balance this
equation. If we multiply all these values by three (as well as the initial constant we chose for the

number of acid molecules), the quantities will be whole numbers and the chemical reaction will still
be balanced:

Thus, our final (balanced) equation showing the attack of aluminum metal’s passivation layer by
acid rain is as follows:

3H,S0, + Al,O3 — Aly(SO,), + 3H,0

My own personal experience with this technique is that it is much faster (especially when
balancing complex reaction equations) than trial-and-error, and relatively easy to set up once the
general principles are understood.
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2.8 Energy in chemical reactions

A chemical reaction resulting in a net release of energy is called exothermic. Conversely, a chemical
reaction requiring a net input of energy to occur is called endothermic. The relationship between
chemical reactions and energy exchange is correlated with the breaking or making of chemical
bonds. Atoms bonded together represent a lower state of total energy than those same atoms
existing separately, all other factors being equal. Thus, when separate atoms join together to form
a molecule, they go from a high state of energy to a low state of energy, releasing the difference
in energy in some form (heat, light, etc.). Conversely, an input of energy is required to break that
chemical bond and force the atoms to separate.

An example of this is the strong bond between two atoms of hydrogen (H) and one atom of oxygen
(O), to form water (H20O). When hydrogen and oxygen atoms bond together to form water, they
release energy. This, by definition, is an exothermic reaction, but we know it better as combustion:
hydrogen is flammable in the presence of oxygen.

A reversal of this reaction occurs when water is subjected to an electrical current, breaking water
molecules up into hydrogen and oxygen gas molecules. This process of forced separation requires
a substantial input of energy to accomplish, which by definition makes it an endothermic reaction.
Specifically, the use of electricity to cause a chemical reaction is called electrolysis.

Energy storage and release is the purpose of the so-called “hydrogen economy” where hydrogen
is a medium of energy distribution. The reasoning behind a hydrogen economy is that different
sources of energy will be used to separate hydrogen from oxygen in water, then that hydrogen will
be transported to points of use and consumed as a fuel, releasing energy. All the energy released by
the hydrogen at the point of use comes from the energy sources tapped to separate the hydrogen
from oxygen in water. Thus, the purpose of hydrogen in a hydrogen economy is to function as an
energy storage and transport medium. The fundamental principle at work here is the energy stored
in chemical bonds: invested in the separation of hydrogen from oxygen, and later returned in the
re-combination of hydrogen and oxygen back into water.

The fact that hydrogen and oxygen as separate gases possess potential energy does not mean
they are guaranteed to spontaneously combust when brought together. By analogy, just because
rocks sitting on a hillside possess potential energy (by virtue of being elevated above the hill’s base)
does not means all rocks in the world spontaneously roll downhill. Some rocks need a push to get
started because they are caught on a ledge or resting in a hole. Likewise, many exothermic reactions
require an initial investment of energy before they can proceed. In the case of hydrogen and oxygen,
what is generally needed is a spark to initiate the reaction. This initial requirement of input energy
is called the activation energy of the reaction.
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Activation energy may be shown in graphical form. For an exothermic reaction, it appears as a
“hill” that must be climbed before the total energy can fall to a lower (than original) level:

Exothermic reaction

4

Potential T T

energy Activation energy Energy released
by reaction
Before After

reaction Time — reaction
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For an endothermic reaction, activation energy is much greater, a part of which never returns
but is stored in the reaction products as potential energy:

Endothermic reaction
Potential Activation energy T
ener
gy Energy stored
by reaction
Before After
reaction Time —> reaction

A catalyst is a substance that works to minimize activation energy in a chemical reaction without
being altered by the reaction itself. Catalysts are popularly used in industry to accelerate both
exothermic and endothermic reactions, reducing the gross amount of energy that must be initially
input to a process to make a reaction occur. A common example of a catalyst is the catalytic
converter installed in the exhaust pipe of an automobile engine, helping to reduce oxidize unburnt
fuel molecules and certain combustion products such as carbon monoxide (CO) to compounds which
are not as polluting. Without a catalytic converter, the exhaust gas temperature is not hot enough
to overcome the activation energy of these reactions, and so they will not occur (at least not at the
rate necessary to make a significant difference). The presence of the catalyst allows the reactions to
take place at standard exhaust temperatures.
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The effect of a catalyst on activation energy may be shown by the following graphs, the dashed-
line curve showing the energy progression with a catalyst and the solid-line curve showing the
reaction progressing without the benefit of a catalyst:

Exothermic reaction Endothermic reaction

Potential Potential
ener ivati ener Activation energy
ay Actlyatlon energy Energy released 9y (with catalyst) Energy stored
(with catalys?) by reaction J by reaction
Before ] After Before ] After
reaction Time — reaction reaction Time — reaction

It should be noted that the presence of a catalyst has absolutely no effect on the net energy loss
or gain resulting from a chemical reaction. With or without a catalyst, the difference in potential
energy before and after a reaction will be the same. The only difference a catalyst makes to a
chemical reaction is how much energy must be initially invested to spark the reaction.

To use the example of hydrogen and oxygen gas once again, the presence of a catalyst does not
cause the combustion of hydrogen and oxygen to release more energy. All the catalyst does is make
it easier for the combustion to begin.
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2.9 Periodic table of the ions
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st s’ 6d’7s? 6475’ 6d*7s?
La 3+ 57 [Ce 3+ 58 [Pr 3+ 50 [Nd 3+ 60 [Pm 3+ 61 |Smz/3+62 |Eu 24563 [Gd 3+ 64 [Tb 3+ 65Dy 3+ 66 |[Ho 3+ 67 [Er 3+ 68 [Tm 3+ 69 [Yb 2. 70 [Lu 71
Lanthanide |Lanthanum| Cerium Samarium | Europium Terbium  [Dy Holmium | Erbium | Thulium | Ytterbium | Lutetium
series | 138.9055 | 140.115 [140.90765 | 144.24 (145) 150.36 | 151.965 | 157.25 |158.92534 | 16250 |164.93032 | 167.26 |168.93421 | 173.04 | 174.967
5d'6s” 4f'5d'6s” | 4f’6s” 4f'6s’ 41%6s” 41%s” 4f'6s” 4f'5d'6s | 4f%s” 41%s” 4ft6s” 41%6s” 41%6s” aft'es” | af'sd'6s’
Ac 3+ 89 [Th 4+ 90 [Paaws 91|U ave+ 92 [Np 5+ 93 [Puasios 94 | Amava- 95 [Cm 3+ 96 Bk awar 97 [CT 3+ 98 [Es 3+ 99 |Fm 3+100 | Md2va+101 [No2+a+102 [Lr 3+103
Actinide | Actinium | Thorium |Protactinium | Uranium | Neptunium | Plutonium | Americium | Curium | Berkelium  [Californium jum | Fermium Nobelium | Lawrencium
series (227) | 2320381 |231.03588 | 238.0289 | (237) (244) (243) (247) (247) (251) (252) (257) (258) (259) (260)
6d'7s 6475’ 51%6d'7s | 5f°6d'7s? | 5f‘6d'7s? | 5%d°7s® | 5(6d’7s” | 5f76d'7s” | 5f°%6d°7s’ |5%6d°7s |5f''6d’7s® | 5f%6d°7s” |5f%6d"7s” | 6d°7s® 6d'7s
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2.10 Ions in liquid solutions

Many liquid substances undergo a process whereby their constituent molecules split into positively
and negatively charged ion pairs. Liquid ‘onic compounds split into ions completely or nearly
completely, while only a small percentage of the molecules in a liquid covalent compound split into
ions. The process of neutral molecules separating into ion pairs is called dissociation when it happens
to ionic compounds, and ionization when it happens to covalent compounds.

Molten salt (NaCl) is an example of the former, while pure water (H20) is an example of the
latter. The large presence of ions in molten salt explains why it is a good conductor of electricity,
while the comparative lack of ions in pure water explains why it is often considered an insulator. In
fact, the electrical conductivity of a liquid substance is the definitive test of whether it is an ionic
or a covalent (“molecular”) substance.

Pure water ionizes into positive hydrogen ions? (HT) and negative hydroxyl ions (OH™). At
room temperature, the concentration of hydrogen and hydroxyl ions in a sample of pure water is
quite small: a molarity of 107 M (moles per liter) each.

Given the fact that pure water has a mass of 1 kilogram (1000 grams) per liter, and one mole
of pure water has a mass of 18 grams, we must conclude that there are approximately 55.56 moles
of water molecules in one liter (55.56 M). If only 10~ moles of those molecules ionize at room
temperature, that represents an extremely small percentage of the total:

107" M
55.56 M

It is not difficult to see why pure water is such a poor conductor of electricity. With so few
ions available to act as charge carriers, pure water is practically an insulator. The vast majority of
water molecules remain un-ionized and therefore cannot transport electric charges from one point
to another.

The molarity of both hydrogen and hydroxyl ions in a pure water sample increases with increasing
temperature. For example, at 60° C, the molarity of hydrogen and hydroxyl ions increases to 3.1 X
10~7 M, which is still only 0.0056 parts per million, but definitely larger than the concentration at
room temperature (25° C).

= 0.0000000018 = 0.00000018% = 0.0018 ppm (parts per million)

4 Actually, the more common form of positive ion in water is hydronium: H307, but we often simply refer to the
positive half of an ionized water molecule as hydrogen (HT).
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2.11 pH

Hydrogen ion activity in aqueous (water-based) solutions is a very important parameter for a wide
variety of industrial processes. Hydrogen ions are always measured on a logarithmic scale, and
referred to as pH.

Free hydrogen ions (HT) are rare in a liquid solution, and are more often found attached to
whole water molecules to form a positive ion called hydronium (HzO%). However, process control
professionals usually refer to these positive ions simply as “hydrogen” even though the truth is a bit
more complicated.

pH is mathematically defined as the negative common logarithm of hydrogen ion activity in a
solution. Hydrogen ion activity is expressed as a molarity (number of moles of active ions per liter
of solution), with “pH” being the unit of measurement for the logarithmic result:

pH = —log[H]

For example, an aqueous solution with an active hydrogen concentration of 0.00044 M has a pH
value of 3.36 pH.

Water is a covalent compound, and so there is little separation of water molecules in liquid form.
Most of the water molecules remain as whole molecules (H2O) while a very small percentage ionize
into positive hydrogen ions (HT) and negative hydroxyl ions (OH™). The mathematical product
of hydrogen and hydroxyl ion molarity in water is known as the ionization constant (K, ), and its
value varies with temperature.

At 25 degrees Celsius (room temperature), the value of K, is 1.0 x 107*. Since each one of
the water molecules that does ionize in this absolutely pure water sample separates into exactly one
hydrogen ion (H") and one hydroxyl ion (OH™), the molarities of hydrogen and hydroxyl ions must
be equal to each other. The equality between hydrogen and hydroxyl ions in a pure water sample
means that pure water is neutral, and that the molarity of hydrogen ions is equal to the square root
of K-

HY) =Ky =vV1.0x 1014 =1.0x 1077 M

Since we know pH is defined as the negative logarithm of hydrogen ion activity, and we can be
assured all hydrogen ions present in the solution will be “active” since there are no other positive
ions to interfere with them, the pH value for water at 25 degrees Celsius is:

pH of pure water at 25°C = —log(1.0 x 1077 M) = 7.0 pH
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As the temperature of a pure water sample changes, the ionization constant changes as well.
Increasing temperature causes more of the water molecules to ionize, resulting in a larger K, value.
The following table shows K, values for pure water at different temperatures:

Temperature Kw
0° C 1.139 x 10~1°
5° C 1.846 x 10~1%
10° C 2.920 x 10~1°
15° C 4.505 x 10~15
20° C 6.809 x 10~ 1°
25° C 1.008 x 10~
30° C 1.469 x 10~ ™
35° C 2.089 x 10~ 14
40° C 2919 x 10~
45° C 4.018 x 10714
50° C 5.474 x 1014
55° C 7.296 x 10~14
60° C 9.614 x 10°14

This means that while any pure water sample is neutral (an equal number of positive hydrogen
ions and negative hydroxyl ions), the pH value does change with temperature, and is only equal to
7.0 pH at one particular temperature: 25° C. Based on the K,, values shown in the table, pure water

will be 6.51 pH at 60° C and 7.47 pH at freezing.

If we add an electrolyte to a sample of pure water, (at least some of) the molecules of that
electrolyte will separate into positive and negative ions. If the positive ion of the electrolyte happens
to be a hydrogen ion (HT), we call that electrolyte an acid. If the negative ion of the electrolyte
happens to be a hydroxyl ion (OH™), we call that electrolyte a caustic, or alkaline, or base. Some
common acidic and alkaline substances are listed here, showing their respective positive and negative

ions in solution:

Sulfuric acid is an acid (produces HT in solution)

HQSO4 — 2H+ + SO42_

Nitric acid is an acid (produces HT in solution)

HNOj3 — HY + NO3~

Hydrocyanic acid is an acid (produces HT in solution)

HCN — H* + CN~—

Hydrofluoric acid is an acid (produces HT in solution)

HF — H* + F~

Lithium hydroxide is a caustic (produces OH™ in solution)

LiOH — Li™ + OH~
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Potassium hydroxide is a caustic (produces OH™ in solution)
KOH — K* + OH~

Sodium hydroxide is a caustic (produces OH™ in solution)
NaOH — Na®™ + OH™

Calcium hydroxide is a caustic (produces OH™ in solution)
Ca(OH)y; — Ca?t + 20H~

When an acid substance is added to water, some of the acid molecules dissociate into positive
hydrogen ions (HT) and negative ions (the type of negative ions depending on what type of acid
it is). This increases the molarity of hydrogen ions (the number of moles of H ions per liter of
solution). The addition of hydrogen ions to the solution also decreases the molarity of hydroxyl
ions (the number of moles of OH™ ions per liter of solution) because some of the water’s OH™ ions
combine with the acid’s HT ions to form deionized water molecules (H20).

If an alkaline substance (otherwise known as a caustic, or a base) is added to water, some of
the alkaline molecules dissociate into negative hydroxyl ions (OH™) and positive ions (the type of
positive ions depending on what type of alkaline it is). This increases the molarity of OH™ ions in
the solution, as well as decreases the molarity of hydrogen ions (again, because some of the caustic’s
OH™ ions combine with the water’s HT ions to form deionized water molecules, HoO).

The result of this complementary effect (increasing one type of water ion, decreasing the other)
keeps the overall ionization constant relatively constant, at least for dilute solutions. In other words,
the addition of an acid or a caustic may change [H'], but it has little effect on K.
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A simple way to envision this effect is to think of a laboratory balance scale, balancing the
number of hydrogen ions in a solution against the number of hydroxyl ions in the same solution:

When the solution is pure water, this imaginary scale is balanced (neutral), with [H*] = [OH™].
Adding an acid to the solution tips the scale one way, while adding a caustic to the solution tips it
the other way®.

If an electrolyte has no effect on the hydrogen and hydroxyl ion activity of an aqueous solution,
we call it a salt. The following is a list of some common salts, showing their respective ions in
solution:

Potassium chloride is a salt (produces neither HT nor OH~ nor O?~ in solution)
KCl — K+ + CI~

Sodium chloride is a salt (produces neither H* nor OH~ nor O%~ in solution)
NaCl — Nat + Cl~

Zinc sulfate is a salt (produces neither H nor OH™ nor O?~ in solution)
ZnSO4 — Znt 4+ SO4~

The addition of a salt to an aqueous solution should have no effect on pH, because the ions
created neither add to nor take away from the hydrogen ion activity®.

Acids and caustics tend to neutralize one another, the hydrogen ions liberated by the acid
combining (and canceling) with the hydroxyl ions liberated by the caustic. This process is called
pH neutralization, and it is used extensively to adjust the pH value of solutions. If a solution is too

5Tt should be noted that the solution never becomes electrically imbalanced with the addition of an acid or caustic.
It is merely the balance of hydrogen to hydroxyl ions we are referring to here. The net electrical charge for the
solution should still be zero after the addition of an acid or caustic, because while the balance of hydrogen to hydroxyl
ions does change, that electrical charge imbalance is made up by the other ions resulting from the addition of the
electrolyte (anions for acids, cations for caustics). The end result is still one negative ion for every positive ion (equal
and opposite charge numbers) in the solution no matter what substance(s) we dissolve into it.

6Exceptions do exist for strong concentrations, where hydrogen ions may be present in solution yet unable to react
because of being “crowded out” by other ions in the solution.
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acidic, just add caustic to raise its pH value. If a solution is too alkaline, just add acid to lower its
pH value.

The result of a perfectly balanced mix of acid and caustic is deionized water (H20) and
a salt formed by the combining of the acid’s and caustic’s other ions. For instance, when
hydrochloric acid (HC1) and potassium hydroxide (KOH) neutralize one another, the result is water
(Hz0) and potassium chloride (KCl), a salt. This production of salt is a necessary side-effect
of pH neutralization, which may require addressing in later stages of solution processing. Such
neutralizations are exothermic, owing to the decreased energy states of the hydrogen and hydroxyl
ions after combination. Mixing of pure acids and caustics together without the presence of substantial
quantities of water (as a solvent) is often violently exothermic, often presenting a safety hazard.
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3.1 Electrical voltage

Voltage is the amount of specific potential energy available between two points in an electric circuit.
Potential energy is energy that is potentially available to do work. Looking at this from a classical
physics perspective, potential energy is what we accumulate when we lift a weight above ground
level, or when we compress a spring:

Wall
Mass (m) Spring
Elastic force
(k) <= ([N
. —_—
V\érenlg)ht Height raised Distance g
M) comg(r)esse

Ground level

In either case, potential energy is calculated by the work done in exerting a force over a parallel
distance. In the case of the weight, potential energy (E,) is the simple product of weight (gravity g
acting on the mass m) and height (h):

E, = mgh

For the spring, things are a bit more complex. The force exerted by the spring against the
compressing motion increases with compression (F = kx, where k is the elastic constant of the
spring). It does not remain steady as the force of weight does for the lifted mass. Therefore, the
potential energy equation is nonlinear:

1
E, = §kx2

Releasing the potential energy stored in these mechanical systems is as simple as dropping the
mass, or letting go of the spring. The potential energy will return to the original condition (zero)
when the objects are at rest in their original positions. If either the mass or the spring were attached
to a machine to harness the return-motion, that stored potential energy could be used to do useful
tasks.

Potential energy may be similarly defined and quantified for any situation where we exert a force
over a parallel distance, regardless of where that force or the motivating distance comes from. For
instance, the static cling you experience when you pull a cotton sock out of a dryer is an example of
a force. By pulling that sock away from another article of clothing, you are doing work, and storing
potential energy in the tension between that sock and the rest of the clothing. In a similar manner,
that stored energy could be released to do useful tasks if we placed the sock in some kind of machine
that harnessed the return motion as the sock went back to its original place on the pile of laundry
inside the dryer.
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If we make use of non-mechanical means to move electric charge from one location to another, the
result is no different. Moving attracting charges apart from one another means doing work (a force
exerted over a parallel distance) and storing potential energy in that physical tension. When we use
chemical reactions to move electrons from one metal plate to another in a solution, or when we spin
a generator and electro-magnetically motivate electrons to seek other locations, we impart potential
energy to those electrons. We could express this potential energy in the same unit as we do for
mechanical systems (the Joule). However, it is actually more useful to express the potential energy
in an electric system in terms of how many joules are available per a specific quantity of electric
charge (a certain number of electrons). This measure of specific potential energy is simply called
electric potential or voltage, and we measure it in units of Volts, in honor of the Italian physicist
Alessandro Volta, inventor of the first electrochemical battery.

1 Joule of potential energy

1 Volt =
© 1 Coulomb of electric charge

In other words, if we forced 1 Coulomb’s worth of electrons (6.24 x 10'® of them, to be exact)
away from a positively-charged place, and did one Joule’s worth of work in the process, we would
have generated one Volt of electric potential.
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Electric potential (voltage) and potential energy share a common, yet confusing property: both
quantities are fundamentally relative between two physical locations. There is really no such thing
as specifying a quantity of potential energy at a single location. The amount of potential energy
in any system is always relative between two different points. If I lift a mass off the ground, I can
specify its potential energy, but only in relation to its former position on the ground. The amount of
energy that mass is potentially capable of releasing by free-fall depends on how far it could possibly
fall. To illustrate, imagine lifting a 1 kilogram mass 1 meter off the ground. That 1-kilo mass weighs
9.8 Newtons on Earth, and the distance lifted was 1 meter, so the potential energy stored in the
mass is 9.8 joules, right? Consider the following scenario:

Mass (m= 1kg)

Weight
(mg = 9.8 Newtons) Height raised . .
(h =1 meter) Table
0.5 meters
tall

Cliff

300 meters to bottom

If we drop the mass over the spot we first lifted it from, it will release all the potential energy
we invested in it: 9.8 joules. But what if we carry it over to the table and release it there? Since
now it can only fall half a meter, it will only release 4.9 joules in the process. How much potential
energy did the mass have while suspended above that table? What if we carry it over to the edge of
the cliff and release it there? Falling 301 meters, it will release 2.95 kilojoules (kJ) of energy. How
much potential energy did the mass have while suspended over the cliff?
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As you can see, potential energy is a relative quantity. We must know the mass’s position relative
to its falling point before we can quantify its potential energy. Likewise, we must know an electric
charge’s position relative to its return point before we can quantify the voltage it has. Consider a
series of batteries connected as shown:

A

The voltage as measured between any two points directly across a single battery will be 1.5 volts:
Vap = 1.5 volts
Vec = 1.5 volts
Vep = 1.5 volts

If, however, we span more than one battery with our voltmeter connections, our voltmeter will
register more than 1.5 volts:

Vac = 3.0 volts
Vep = 3.0 volts
Vaip = 4.5 volts

There is no such thing as “voltage” at a single point in a circuit. The concept of voltage has
meaning only between pairs of points in a circuit, just as the concept of potential energy for a mass

has meaning only between two physical locations: where the mass is, and where it could potentially
fall to.
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Things get interesting when we connect voltage sources in different configurations. Consider the
following example, identical to the previous illustration except the middle battery has been reversed:

1.5 volts

1.5 volts

1.5 volts

Note the “4” and “-” signs next to the ends of the batteries. These signs show the polarity of
each battery’s voltage. Also note how the two voltmeter readings are different from before. Here we
see an example of negative potential with the middle battery connected in opposition to the other
two batteries. While the top and bottom batteries are both “lifting” electric charges to greater
potential (going from point D to point A), the middle battery is decreasing potential from point C
to point B. It’s like taking a step forward, then a step back, then another step forward. Or, perhaps
more appropriately, like lifting a mass 1.5 meters up, then setting it down 1.5 meters, then lifting
it 1.5 meters up again. The first and last steps accumulate potential energy, while the middle step
releases potential energy.

This explains why it is important to install multiple batteries the same way into battery-powered
devices such as radios and flashlights. The batteries’ voltages are supposed to add to a make a larger
total required by the device. If one or more batteries are placed backwards, potential will be lost
instead of gained, and the device will not receive enough voltage.
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Here we must pay special attention to how we use our voltmeter, since polarity matters. All
voltmeters are standardized with two colors for the test leads: red and black. To make sense of the
voltmeter’s indication, especially the positive or negative sign of the indication, we must understand
what the red and black test lead colors mean:

A positive reading indicates a gain
in potential from black to red.

A negative reading indicates a loss
in potential from black to red.

To

From

Connecting these test leads to different points in a circuit will tell you whether there is potential
gain or potential loss from one point (black) to the other point (red).
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3.2 Electrical current

Current is the name we give to the motion of electric charges from a point of high potential to a
point of low potential. All we need to form an electric current is a source of potential (voltage)
and some electric charges that are free to move between the poles of that potential. For instance, if
we connected a battery to two metal plates, we would create an electric field between those plates,
analogous to a gravitational field except it only acts on electrically charged objects, while gravity
acts on anything with mass. A free charge placed between those plates would “fall” toward one of
the plates just as a mass would fall toward a larger mass:

Gravitational field

Metal plate
Mass
Negative|charge
Electric| field O
+
Earth Metal plate

An electric charge will "fall" in an electric field
just as a mass will fall in a gravitational field.

Some substances, most notably metals, have very mobile electrons. That is, the outer (valence)
electrons are very easily dislodged from the parent atoms to drift to and fro throughout the material.
In fact, the electrons of metals are so free that physicists sometimes refer to the structure of a metal
as atoms floating in a “sea of electrons”. The electrons are almost fluid in their mobility throughout
a solid metal object, and this property of metals may be exploited to form definite pathways for
electric currents.
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If the poles of a voltage source are joined by a continuous path of metal, the free electrons within
that metal will drift toward the positive pole (electrons having a negative charge, opposite charges
attracting one another):

Direction of
electron motion ‘
inside metal

(0 0 0 ® 00
@

If the source of this voltage is continually replenished by chemical energy, mechanical energy, or
some other form of energy, the free electrons will continually loop around this circular path. We call
this unbroken path an electric circuit.

We typically measure the amount of current in a circuit by the unit of amperes, or amps for
short (named in honor of the French physicist André Ampere. One ampere of current is equal to one
coulomb of electric charge (6.24 x 108 electrons) moving past a point in a circuit for every second
of time.

Like masses falling toward a source of gravity, these electrons continually “fall” toward the
positive pole of a voltage source. After arriving at that source, the energy imparted by that source
“lifts” the electrons to a higher potential state where they once again “fall down” to the positive
pole through the circuit.
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Like rising and falling masses in a gravitational field, these electrons act as carriers of energy
within the electric field of the circuit. This is very useful, as we can use them to convey energy
from one place to another, using metal wires as conduits for this energy. This is the basic idea
behind electric power systems: a source of power (a generator) is turned by some mechanical engine
(windmill, water turbine, steam engine, etc.), creating an electric potential. This potential is then
used to motivate free electrons inside the metal wires to drift in a common direction. The electron
drift is conveyed in a circuit through long wires, where they can do useful work at a load device such
as an electric motor, light bulb, or heater.

Generator

(Turned by an engine)

{\

(Turns a conveyor belt
or other mechanical load)

Y

Motor

l Current

Wire —_—

Current T

Wire —

Given the proper metal alloys, the friction that electrons experience within the metal wires may
be made very small, allowing nearly all the energy to be expended at the load (motor), with very little
wasted along the path (wires). This makes electricity the most efficient means of energy transport
known.

The electric currents common in electric power lines may range from hundreds to thousands of
amperes. The currents conveyed through power receptacles in your home typically are no more
than 15 or 20 amperes. The currents in the small battery-powered circuits you will build are even
less: fractions of an ampere. For this reason, we commonly use the metric prefix milli (one one-
thousandth) to express these small currents. For instance, 10 milliamperes is 0.010 amperes, and
500 milliamperes is one-half of an ampere.
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3.2.1 Electron versus conventional flow

When Benjamin Franklin advanced his single-fluid theory of electricity, he defined “positive” and
“negative” as the surplus and deficiency of electric charge, respectively. These labels were largely
arbitrary, as Mr. Franklin had no means of identifying the actual nature of electric charge carriers
with the primitive test equipment and laboratory techniques of his day. As luck would have it,
his hypothesis was precisely opposite of the truth for metallic conductors, where electrons are the
dominant charge carrier.

This means that in an electric circuit consisting of a battery and a light bulb, electrons slowly
move from the negative side of the battery, through the metal wires, through the light bulb, and on
to the positive side of the battery as such:

+ —

Q Direction of electron flow

Unfortunately, scientists and engineers had grown accustomed to Franklin’s false hypothesis long
before the true nature of electric current in metallic conductors was discovered. Their preferred
notation was to show electric current flowing from the positive pole of a source, through the load,
returning to the negative pole of the source:

+ —

Q Direction of conventional flow




112 CHAPTER 3. DC ELECTRICITY

This relationship between voltage polarity marks and conventional flow current makes more
intuitive sense than electron flow notation, because it is reminiscent of fluid pressure and flow
direction:

Conventional flow current notation

=

I+ T .
Voltage — <>q Light
source —_— bulb

Conventional flow current notation
l—) Fluid motion
Pump

+

- * Valve }%{

Fluid motion HI

W

If we take the “+” sign to represent more pressure and the sign to represent less pressure,
it makes perfect sense that fluid should move from the high-pressure (discharge) port of the pump
through the hydraulic “circuit” and back to the low-pressure (suction) port of the pump. It also
makes perfect sense that the upstream side of the valve (a fluid restriction) will have a greater
pressure than the downstream side of the valve. In other words, conventional flow notation best
honors Mr. Franklin’s original intent of modeling current as though it were a fluid, even though he
was later proven to be mistaken in the case of metallic conductors where electrons are the dominant
charge carrier.
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This convention was so well-established in the electrical engineering realm that it held sway
despite the discovery of electrons. Engineers, who create the symbols used to represent the electronic
devices they invent, consistently chose to draw arrows in the direction of conventional flow rather
than electron flow. In each of the following symbols, the arrow heads point in the direction that
positive charge carriers would move (opposite the direction that electrons actually move):

Lo+

NPN bipolar  PNP bipolar Diode SCR
transistor transistor

ol g |

> ~ ]
N-channel P-channel Unijunction Current
IGBT IGBT transistor source

This stands in contrast to electronics technicians, who historically have been taught using electron
flow notation. I remember sitting in a technical school classroom being told by my teacher to always
imagine the electrons moving against the arrows of the devices, and wondering why it mattered.

It is truly a sad situation when the members of two branches within the same field do not agree
on something as fundamental as the convention used to denote flow in diagrams. It is even worse
when people within the field argue over which convention is best. So long as one is consistent with
their convention and with their thinking, it does not matter! Many fine technologists may be found
on either side of this “fence,” and some are adept enough to switch between both without getting
confused.

For what it’s worth, I personally prefer conventional flow notation. The only objective arguments
I have in favor of this preference are as follows:

e Conventional flow notation makes more intuitive sense to someone familiar with fluid systems
(as all instrument technicians need to bel!).

e Conventional flow notation matches all device arrows; no need to “go against the arrow” when
tracing current in a schematic diagram.

e Conventional flow notation is consistent with the “right-hand rule” for vector cross products
(which are essential for understanding electromagnetics at advanced academic levels). The
so-called “left-hand rule” taught to students learning electron flow notation is mathematically
wrong, and must be un-learned if the student ever progresses to the engineering level in his or
her studies.
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e Conventional flow notation is the standard for modern manufacturers’ documentation
(reference manuals, troubleshooting guides, datasheets, etc.)!.

e Conventional flow notation makes sense of the descriptive terms sourcing and sinking.

This last point merits further investigation. The terms “sourcing” and “sinking” are often used
in the study of digital electronics to describe the direction of current in a switching circuit. A circuit
that “sources” current to a load is one where the direction of conventional flow points outward from
the sourcing circuit to the load device.

1T have yet to read a document of any kind written by an equipment manufacturer that uses electron flow notation,
and this is after scrutinizing literally hundreds of documents looking for this exact detail! For the record, though, most
technical documents do not bother to draw a direction for current at all, leaving it to the imagination of the reader
instead. It is only when a direction must be drawn that one sees a strong preference in industry for conventional flow

notation.
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For example, here are two schematic diagrams showing two different kinds of electronic proximity
switch. The first switch sinks current in from the LED through its output terminal, through its
transistor, and down to ground. The second switch sources current from the positive supply terminal
through its transistor and out to the LED through its output terminal (note the direction of the
thick arrow near the output screw terminal in each circuit):

"Sinking" output Current "sinks" down to
proximity switch ground through the switch

(?) 2avpc

Sensor
circuit T
I
"Sourcing" output Switch "sources" current
proximity switch out to the load device
| N
Sensor
circuit C_r) 24VDC

)

These terms simply make no sense when viewed from the perspective of electron flow notation.
If you were to actually trace the directions of the electrons, you would find that a device “sourcing”
current has electrons flowing into its connection terminal, while a device “sinking” current sends
electrons out to another device where they travel (up) to a point of more positive potential.

In fact, the association between conventional flow notation and sourcing/sinking descriptions is
so firm that I have yet to see a professionally published textbook on digital circuits that uses electron
flow?. This is true even for textbooks written for technicians and not engineers!

2If by chance I have missed anyone’s digital electronics textbook that does use electron flow, please accept my
apologies. I can only speak of what I have seen myself.
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Once again, though, it should be understood that either convention of current notation is
adequate for circuit analysis. I dearly wish this horrible state of affairs would come to an end, but
the plain fact is it will not. Electron flow notation may have the advantage of greater correspondence
to the actual state of affairs (in the vast majority of circuits), but conventional flow has the weight
of over a hundred years of precedent, cultural inertia, and convenience. No matter which way you
choose to think, at some point you will be faced with the opposing view.

Pick the notation you like best, and may you live long and prosper.
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3.3 Electrical resistance and Ohm’s Law

To review, voltage is the measure of potential energy available to electric charges. Current is the
uniform drifting of electric charges in response to a voltage. We can have a voltage without having
a current, but we cannot have a current without first having a voltage to motivate it®. Current
without voltage would be equivalent to motion without a motivating force.

When electric charges move through a material such as metal, they will naturally encounter some
friction, just as fluid moving through a pipe will inevitably encounter friction*. We have a name for
this friction to electrical charge motion: resistance. Like voltage and current, resistance has its own
special unit of measurement: the ohm, named in honor of the German physicist Georg Simon Ohm.

At this point it would be good to summarize and compare the symbols and units we use for
voltage, current, and resistance:

Quantity Algebraic symbol Unit Unit abbreviation
Voltage V (or E) Volt \%
Current I Ampere (or Amp) A
Resistance R Ohm Q

Ohm defined resistance as the mathematical ratio between applied voltage and resulting current:

1%
R=—
I

Verbally expressed, resistance is how much voltage it takes to force a certain rate of current
through a conductive material. Many materials have relatively stable resistances, while others do
not. Devices called resistors are sold which are manufactured to possess a very precise amount of
resistance, for the purpose of limiting current in circuits (among other things).

Here is an example of Ohm’s Law in action: calculate the amount of current in a circuit with a
voltage source of 25 V and a total resistance of 3500 2. Taking 25 volts and dividing by 3500 ohms,
you should arrive at a result of 0.007143 amperes, or 7.143 milliamperes (7.143 mA).

One of the most challenging aspect of Ohm’s Law is remembering to keep all variables in context.
This is a common problem for many students when studying physics as well: none of the equations
learned in a physics class will yield the correct results unless all the variables relate to the same
object or situation. For instance, it would make no sense to try to calculate the kinetic energy of a
moving object (E = %mvz) by taking the mass of one object (m) and multiplying it by the square of
the velocity of some other object (v?). Likewise, with Ohm’s Law, we must make sure the voltage,
current, and resistance values we are using all relate to the same portion of the same circuit.

3Except in the noteworthy case of superconductivity, a phenomenon occurring at extremely low temperatures.
4Except in the noteworthy case of superfluidity, another phenomenon occurring at extremely low temperatures.
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If the circuit in question has only one source of voltage, one resistance, and one path for current,
there cannot be any mix-ups. Expressing the previous example in a schematic diagram:

Current
7.143 mA ﬁ
wire

Resistor

25V CDVOltage < 35000
source

wire
\% 7.143 mA

Current

Note: arrows point in the direction of electron motion

However, if we look at a more complex circuit, we encounter the potential for mix-ups:

5v (D)
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Which resistance do we use to calculate current in this circuit? Do we divide our 25 volts by
3500 ohms like we did last time, or do we divide it by 1500 ohms, or something entirely different?
The answer to this question lies in the identification of voltages and currents. We know that the 25
volt potential will be impressed across the total of the two resistances R; and Rs, and since there is
only one path for current they must share the same current. Thus, we actually have three voltages
(V1, Vo, and Viptar), three resistances (Ry, Ra, and Riotar), and only one current (I):

<

V, Ré 3500 Q

V, R,315000

=Y

Note: arrows point in the direction of electron motion

Manipulating the Ohm’s Law equation originally given (R = %) to solve for V', we end up with
three equations for this circuit:

V;ﬁotal = IRtotal = I(Rl + R2)
Vi=1I1R,
Vo =1R,

Thus, the current in this circuit is 5 milliamps (5 mA), the voltage across resistor R; is 17.5
volts, and the voltage across resistor Rs is 7.5 volts.
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3.4 Series versus parallel circuits

In addition to Ohm’s Law, we have a whole set of rules describing how voltages, currents, and
resistances relate in circuits comprised of multiple resistors. These rules fall evenly into two
categories: series circuits and parallel circuits. The two circuit types are shown here, with squares
representing any type of two-terminal electrical component:

Series circuit

Parallel circuit

) Equipotential points

=3 L AY

@ C 7
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D
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g
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A\ 4 Equipotential points

The defining characteristic of a series electrical circuit is it provides just one path for current.
This means there can be only one value for current anywhere in the circuit, the exact same current
for all components at any given time®. The principle of current being the same everywhere in a
series circuit is actually an expression of a more fundamental law of physics: the Conservation of
Charge, which states that electric charge cannot be created or destroyed. In order for current to
have different values at different points in a series circuit indefinitely, electric charge would have to
somehow appear and disappear to account for greater rates of charge flow in some areas than in
others. It would be the equivalent of having different rates of water flow at different locations along
one length of pipeS.

SInteresting exceptions do exist to this rule, but only on very short time scales, such as in cases where we examine
the a transient (pulse) signal nanosecond by nanosecond, and/or when very high-frequency AC signals exist over
comparatively long conductor lengths.

6Those exceptional cases mentioned earlier in the footnote are possible only because electric charge may be
temporarily stored and released by a property called capacitance. Even then, the law of charge conservation is
not violated because the stored charges re-emerge as current at later times. This is analogous to pouring water into
a bucket: just because water is poured into a bucket but no water leaves the bucket does not mean that water is
magically disappearing! It is merely being stored, and can re-emerge at a later time.
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Series circuits are defined by having only one path for current, and this means the steady-state
current in a series circuit must be the same at all points of that circuit. It also means that the sum
of all voltages dropped by load devices must equal the sum total of all source voltages, and that the
total resistance of the circuit will be the sum of all individual resistances:

Series circuit (resistors connected in-line)

)

Voltages add up to equal the total
Vtotal =V1+V2+ e +Vn
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Current is the same throughout
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Resistances add up to equal the total

Rita =Ri+ Rp ... + R,
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The defining characteristic of a parallel circuit, by contrast, is that all components share the
same two equipotential points. “Equipotential” simply means “at the same potential” which points
along an uninterrupted conductor must be”. This means there can be only one value of voltage
anywhere in the circuit, the exact same voltage for all components at any given time®. The principle
of voltage being the same across all parallel-connected components is (also) an expression of a more
fundamental law of physics: the Conservation of Energy, in this case the conservation of specific
potential energy which is the definition of voltage. In order for voltage to differ between parallel-
connected components, the potential energy of charge carriers would have to somehow appear and
disappear to account for lesser and greater voltages. It would be the equivalent of having a “high
spots” and “low spots” of water mysteriously appear on the quiet surface of a lake, which we know
cannot happen because water has the freedom to move, meaning any high spots would rush to fill
any low spots®.

7An ideal conductor has no resistance, and so there is no reason for a difference of potential to exist along a
pathway where nothing stands in the way of charge motion. If ever a potential difference developed, charge carriers
within the conductor would simply move to new locations and neutralize the potential.

8 Again, interesting exceptions do exist to this rule on very short time scales, such as in cases where we examine
the a transient (pulse) signal nanosecond by nanosecond, and/or when very high-frequency AC signals exist over
comparatively long conductor lengths.

9The exceptional cases mentioned in the previous footnote exist only because the electrical property of inductance
allows potential energy to be stored in a magnetic field, manifesting as a voltage different along the length of a
conductor. Even then, the law of energy conservation is not violated because the stored energy re-emerges at a later
time.
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The sum of all component currents must equal the total current in a parallel circuit, and total
resistance will be less than the smallest individual resistance value:

Parallel circuit (resistors connected across each other)

R, Voltage is the same throughout
IV J J

IlH VtOtaIZV].:Vz:"':Vn

I,—> Currents add up to equal the total

ItOta|:|1+|2+"'+|n

Resistances diminish to equal the total
— -1 -1 -1)-1
R4 Rtotal_(Rl +R2 +-'-+Rn )

The rule for calculating total resistance in a parallel circuit perplexes many students with its
weird compound reciprocal notation. There is a more intuitive way to understand this rule, and it
involves a different quantity called conductance, symbolized by the letter G.

Conductance is defined as the reciprocal of resistance; that is, a measure of how easily electrical
charge carriers may move through a substance. If the electrical resistance of an object doubles, then
it now has half the conductance it did before:

1

¢= R
It should be intuitively apparent that conductances add in parallel circuits. That is, the total
amount of conductance for a parallel circuit must be the sum total of all individual conductances,
because the addition of more conductive pathways must make it easier overall for charge carriers to

move through the circuit. Thus,

Gtotal:Gl+G2+"'+Gn

The formula shown here should be familiar to you. It has the same form as the total resistance
formula for series circuits. Just as resistances add in series (more series resistance makes the overall
resistance to current increase), conductances add in parallel (more conductive branches makes the
overall conductance increase).

Knowing that resistance is the reciprocal of conductance, we may substitute % for G wherever
we see it in the conductance equation:

S U
Rtotal Rl RQ Rn
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Now, to solve for R;otqi, we need to reciprocate both sides:

lztotal—
1 1 1
714_72_,_..._’_7

For both series and parallel circuits, total power dissipated by all load devices is equal to the
total power delivered by all source devices. The configuration of a circuit is irrelevant to the balance
between power supplied and power lost, because this balance is an expression of the Law of Energy
Conservation.
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3.5 Kirchhoff’s Laws

Two extremely important principles in electric circuits were codified by Gustav Robert Kirchhoff in
the year 1847, known as Kirchhoff’s Laws. His two laws refer to voltages and currents in electric
circuits, respectively.

Kirchhoff’s Voltage Law states that the algebraic sum of all voltages in a closed loop is equal to
zero. Another way to state this law is to say that for every rise in potential there must be an equal
fall, if we begin at any point in a circuit and travel in a loop back to that same starting point.

An analogy for visualizing Kirchhoff’s Voltage Law is hiking up a mountain. Suppose we start
at the base of a mountain and hike to an altitude of 5,000 feet to set up camp for an overnight stay.
Then, the next day we set off from camp and hike further up another 3,500 feet. Deciding we’ve
climbed high enough for two days, we set up camp again and stay the night. The next day we hike
down 6,200 feet to a third location and camp once gain. On the fourth day we hike back to our
original starting point at the base of the mountain. We can summarize our hiking adventure as a
series of rises and falls like this:

Day Path Altitude gain/loss
Day 1 AB 45,000 feet
Day 2 BC 43,500 feet
Day 3 CD -6,200 feet
Day 4 DA -2,300 feet
(Total) ABCDA 0 feet

Of course, no one would brag to their friends that they spent four days hiking a total altitude
of 0 feet, so people generally speak in terms of the highest point reached: in this case 8,500 feet.
However, if we track each day’s gain or loss in algebraic terms (maintaining the mathematical sign,
either positive or negative), we see that the end sum is zero (and indeed must always be zero) if we
finish at our starting point.

If we view this scenario from the perspective of potential energy as we lift a constant mass from
point to point, we would conclude that we were doing work on that mass (i.e. investing energy in
it by lifting it higher) on days 1 and 2, but letting the mass do work on us (i.e. releasing energy by
lowering it) on days 3 and 4. After the four-day hike, the net potential energy imparted to the mass
is zero, because it ends up at the exact same altitude it started at.
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Let’s apply this principle to a real circuit, where total current and all voltage drops have already
been calculated for us:

4 mA
A 2 I E
/

+ — —
T T
- + +

15kQ %
LA (3

Arrow shows current in the direction
of conventional flow notation

If we trace a path ABCDEA, we see that the algebraic voltage sum in this loop is zero:

Path Voltage gain/loss

AB - 4 volts

BC - 6 volts

CD + 5 volts

DE - 2 volts

EA + 7 volts
ABCDEA 0 volts

Path Voltage gain/loss

ED + 2 volts

DC - 5 volts

CB + 6 volts

BE - 3 volts
EDCBE 0 volts

We can even trace a path that does not follow the circuit conductors or include all components,
such as EDCBE, and we will see that the algebraic sum of all voltages is still zero:

Kirchhoft’s Voltage Law is often a difficult subject for students, precisely because voltage itself
is a difficult concept to grasp. Remember that there is no such thing as voltage at a single point;
rather, voltage exists only as a differential quantity. To intelligently speak of voltage, we must refer
to either a loss or gain of potential between two points.

Our analogy of altitude on a mountain is particularly apt. We cannot intelligently speak of some
point on the mountain as having a specific altitude unless we assume a point of reference to measure
from. If we say the mountain summit is 9,200 feet high, we usually mean 9,200 feet higher than sea
level, with the level of the sea being our common reference point. However, our hiking adventure
where we climbed 8,500 feet in two days did not imply that we climbed to an absolute altitude of
8,500 feet above sea level. Since I never specified the sea-level altitude at the base of the mountain,
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it is impossible to calculate our absolute altitude at the end of day 2. All you can tell from the
data given is that we climbed 8,500 feet above the mountain base, wherever that happens to be with
reference to sea level.

So it is with electrical voltage as well: most circuits have a point labeled as ground where all
other voltages are referenced. In DC-powered circuits, this ground point is often the negative pole of
the DC power source'®. Voltage is fundamentally a quantity relative between two points: a measure
of how much potential has increased or decreased moving from one point to another.

Kirchhoff’s Current Law is a much easier concept to grasp. This law states that the algebraic
sum of all currents at a junction point (called a node) is equal to zero. Another way to state this
law is to say that for every electron entering a node, one must exit somewhere.

An analogy for visualizing Kirchhoff’s Current Law is water flowing into and out of a “tee”
fitting:

70 GPM

So long as there are no leaks in this piping system, every drop of water entering the tee must
be balanced by a drop exiting the tee. For there to be a continuous mis-match between flow rates
would imply a violation of the Law of Mass Conservation.

10But not always! There do exist positive-ground systems, particularly in telephone circuits and in some early
automobile electrical systems.
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Let’s apply this principle to a real circuit, where all currents have been calculated for us:

A e
lzlmA ~ 2mA
1kQ 3 1kQ§?mA T%le
5V
A

VWA
BY "5 ¢ ~imkD m

Arrows show currents in the direction
of conventional flow notation

At nodes where just two wires connect (such as points A, B, and C), the amount of current going
in to the node exactly equals the amount of current going out (4 mA, in each case). At nodes where
three wires join (such as points D and E), we see one large current and two smaller currents (one
4 mA current versus two 2 mA currents), with the directions such that the sum of the two smaller
currents form the larger current.

3.6 Electrical sources and loads

By definition, and source is a device that inputs energy into a system, while a load is a device that
extracts energy from a system. Examples of typical electrical sources include generators, photovoltaic
cells, thermopiles, and primary-cell batteries. Examples of typical electrical loads include resistors,
lamps, and electric motors.

In a working circuit, electrical sources and loads may be easily distinguished by comparison of
their current directions and voltage drop polarities. An electrical source always manifests a voltage
polarity in a direction that assists the direction of charge flow. An electrical source always manifests
a voltage polarity in a direction that opposes the direction of charge flow.

The convention used to designate direction of current (charge flow) becomes very important here.
Since there are two commonly accepted notations — electron flow and “conventional” flow, exactly
opposite of each other — it is easy to become confused.
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First we see a diagram showing a source and a load, using electron flow notation. Electrons,
being negatively charged particles, are repelled by the negative (-) poles of both source and load,
and attracted to the positive (+) poles of both source and load. The difference between source and
load is that the source device motivates the flow of electrons while the load device resists the flow
of electrons:

Shown using electron flow notation

6_1 Load

Source | +
Generator Cﬁ) Resistor

5

Electrons are repelled by the (-) poles
and attracted to the (+) poles

Next we see a diagram showing the same source and load, this time using “conventional” flow
notation to designate the direction of current. Here we must imagine positively-charged carriers
moving through the wires instead of electrons. These positive charge carriers are repelled by any
positive (+) pole and attracted to any negative (-) pole. Viewed in this light, we see the exact same
principle at work: the source device is seen to motivate the flow of these positive charge carriers
while the load device resists the flow:

Shown using conventional flow notation

Source . l+ Load
Generator (D Resistor
Positive charge carriers are repelled by the

(+) poles and attracted to the (-) poles

In later sections, we encounter devices with the ability to act as sources and loads at different
times. Both capacitors (see section 3.9 starting on page 137) and inductors (see section 3.10 starting
on page 139) have the ability to temporarily contribute to and extract energy from electrical circuits,
both having the ability to act as energy storage devices.
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3.7 Resistors

Resistance is dissipative opposition to the flow of charge carriers. All conductors (except
superconductors) possess some electrical resistance. The relationship between voltage, current, and
resistance is known as Ohm’s Law:

V=IR
Conductance (G) is the reciprocal of resistance:

1

G=—

R
Resistors are devices expressly designed and manufactured to possess electrical resistance. They
are constructed of a partially conductive material such as carbon or metal alloy. Resistors have power

dissipation ratings as well as resistance ratings. Here are some schematic symbols for resistors:

The amount of power dissipated by a resistance may be calculated as a function of either voltage
or current, and is known as Joule’s Law:

P=1v P=— P=1I’R



130 CHAPTER 3. DC ELECTRICITY

3.8 Bridge circuits

A bridge circuit is basically a pair of voltage dividers where the circuit output is taken as the
difference in potential between the two dividers. Bridge circuits may be drawn in schematic form in
an H-shape or in a diamond shape, although the diamond configuration is more common:

¥ ¥
V excitation (—) Voutput V excitation (—)

The voltage source powering the bridge circuit is called the excitation source. This source may
be DC or AC depending on the application of the bridge circuit. The components comprising the
bridge need not be resistors, either: capacitors, inductors, lengths of wire, sensing elements, and
other component forms are possible, depending on the application.

Two major applications exist for bridge circuits, which will be explained in the following
subsections.
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3.8.1 Component measurement

Bridge circuits may be used to test components. In this capacity, one of the “arms” of the bridge
circuit is comprised of the component under test, while at least one of the other “arms” is made
adjustable. The common Wheatstone bridge circuit for resistance measurement is shown here:

I:eadj ust

2

? 9
1

Galvanometer (

R

Vexcitation (D

specimen

Fixed resistors Ry and Ry are of precisely known value and high precision. Variable resistor
Ragjust has a labeled knob allowing for a person to adjust and read its value to a high degree of
precision. When the ratio of the variable resistance to the specimen resistance equals the ratio of
the two fixed resistors, the sensitive galvanometer will register exactly zero volts regardless of the
excitation source’s value. This is called a balanced condition for the bridge circuit:

& _ Radjust
RZ Rspecimen
When the two resistance ratios are equal, the voltage drops across the respective resistances will

also be equal. Kirchhoff’s Voltage Law declares that the voltage differential between two equal and
opposite voltage drops must be zero, accounting for the meter’s indication of balance.
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It would not be inappropriate to relate this to the operation of a laboratory balance-beam scale,
comparing a specimen of unknown mass against a set of known masses. In either case, the instrument
is merely comparing an unknown quantity against an (adjustable) known quantity, indicating a
condition of equality between the two:

Many legacy instruments were designed around the concept of a self-balancing bridge circuit,
where an electric servo motor drove a potentiometer to achieve a balanced condition against the
voltage produced by some process sensor. Analog electronic paper chart recorders often used this
principle. Almost all pneumatic process instruments use this principle to translate the force of a
sensing element into a variable air pressure.

Modern bridge circuits are mostly used in laboratories for extremely precise component
measurements. Very rarely will you encounter a Wheatstone bridge circuit used in the process
industries.
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3.8.2 Sensor signal conditioning

A different application for bridge circuits is to convert the output of an electrical sensor into a
voltage signal representing some physical measurement. This is by far the most popular use of
bridge measurement circuits in industry, and here we see the same circuit used in an entirely different
manner from that of the balanced Wheatstone bridge circuit.

Vexci tation CD

Here, the bridge will be balanced only when R, 50 1S at one particular resistance value. Unlike
the Wheatstone bridge, which serves to measure a component’s value when the circuit is balanced,
this bridge circuit will probably spend most of its life in an unbalanced condition. The output
voltage changes as a function of sensor resistance, which makes that voltage a reflection of the
sensor’s physical condition. In the above circuit, we see that the output voltage increases (positive
on the top wire, negative on the bottom wire) as the resistance of Rgensor increases.
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One of the most common applications for this kind of bridge circuit is in strain measurement,
where the mechanical strain of an object is converted into an electrical signal. The sensor used here
is a device known as a strain gauge: a folded wire designed to stretch and compress with the object
under test, altering its electrical resistance accordingly.

Test specimen

I Ve(citati on

é’\_T

: :

Strain
gauge

When the specimen is stretched along its long axis, the metal wires in the strain gauge stretch
with it, increasing their length and decreasing their cross-sectional area, both of which work to
increase the wire’s electrical resistance. This stretching is microscopic in scale, but the resistance
change is measurable and repeatable within the specimen’s elastic limit. In the above circuit example,
stretching the specimen will cause the voltmeter to read upscale (as defined by the polarity marks).
Compressing the specimen along its long axis has the opposite effect, decreasing the strain gauge
resistance and driving the meter downscale.

Strain gauges are used to precisely measure the strain (stretching or compressing motion)
of mechanical elements. One application for strain gauges is the measurement of strain on
machinery components, such as the frame components of an automobile or airplane undergoing
design development testing. Another application is in the measurement of force in a device called
a load cell. A “load cell” is comprised of one or more strain gauges bonded to the surface of a
metal structure having precisely known elastic properties. This metal structure will stretch and
compress very precisely with applied force, as though it were an extremely stiff spring. The strain
gauges bonded to this structure measure the strain, translating applied force into electrical resistance
changes.
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You can see what a load cell looks like in the following photograph:

Strain gauges are not the only dynamic element applicable to bridge circuits. In fact, any
resistance-based sensor may be used in a bridge circuit to translate a physical measurement into
an electrical (voltage) signal. Thermistors (changing resistance with temperature) and photocells
(changing resistance with light exposure) are just two alternatives to strain gauges.

It should be noted that the amount of voltage output by this bridge circuit depends both on the
amount of resistance change of the sensor and the value of the excitation source. This dependency
on source voltage value is a major difference between a sensing bridge circuit and a Wheatstone
(balanced) bridge circuit. In a perfectly balanced bridge, the excitation voltage is irrelevant: the
output voltage is zero no matter what source voltage value you use. In an unbalanced bridge circuit,
however, source voltage value matters! For this reason, these bridge circuits are often rated in terms
of how many millivolts of output they produce per volt of excitation per unit of physical measurement
(microns of strain, newtons of stress, etc.).
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An interesting feature of a sensing bridge circuit is its ability to cancel out unwanted variables.
In the case of a strain gauge, for example, mechanical strain is not the only variable affecting gauge
resistance. Temperature also affects gauge resistance. Since we do not wish our strain gauge to also
act as a thermometer (which would make measurements very uncertain — how would we differentiate
the effects of changing temperature from the effects of changing strain?), we must find some way to
nullify resistance changes due solely to temperature, such that our bridge circuit will respond only
to changes in strain. The solution is to creatively use a “dummy” strain gauge as another arm of
the bridge:

/’\A_I @ B =

Strain
gauge
"Dummy"
gauge
 —]

]
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—
—

— ]
]

The “dummy” gauge is attached to the specimen in such a way that it maintains the same
temperature as the active strain gauge, yet experiences no strain. Thus, any difference in gauge
resistances must be due solely to specimen strain. The differential nature of the bridge circuit
naturally translates the differential resistance of the two gauges into one voltage signal representing
strain.

If thermistors are used instead of strain gauges, this circuit becomes a differential temperature
sensor. Differential temperature sensing circuits are used in solar heating control systems, to detect
when the solar collector is hotter than the room or heat storage mass being heated.

Sensing bridge circuits may have more than one active “arm” as well. The examples you have
seen so far in this section have all been quarter-active bridge circuits. It is possible, however, to
incorporate more than one sensor into the same bridge circuit. So long as the sensors’ resistance

changes are coordinated, their combined effect will be to increase the sensitivity (and often the
linearity as well) of the measurement.
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For example, full-active bridge circuits are sometimes built out of four strain gauges, where each
strain gauge comprises one arm of the bridge. Two of the strain gauges must compress and the
other two must stretch under the application of the same mechanical force, in order that the bridge
will become unbalanced with strain:

FORCE Gauge 1 Gauge 4

Gauge 1 Tension +
‘ - + —

Gauge 3
Compression Caugey

Gauge 3 Gauge 2

Not only does a full-active bridge circuit provide greater sensitivity and linearity than a quarter-
active bridge, but it also naturally provides temperature compensation without the need for
“dummy” strain gauges, since the resistances of all four strain gauges will change by the same
proportion if the specimen temperature changes.

3.9 Capacitors

Any two electrical conductors separated by an insulating medium possess the characteristic called
capacitance: the ability to store energy in the form of an electric field. Capacitance is symbolized
by the capital letter C' and is measured in the unit of the Farad (F). The relationship between
capacitance, stored electric charge (Q), and voltage (V) is as follows:

Q=CV

For example, a capacitance having a value of 33 microfarads charged to a voltage of 5 volts would
store an electric charge of 165 microcoulombs.

Capacitance is a non-dissipative quantity. Unlike resistance, a pure capacitance does not dissipate
energy in the form of heat; rather, it stores and releases energy from and to the rest of the circuit.
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Capacitors are devices expressly designed and manufactured to possess capacitance. They are
constructed of a “sandwich” of conductive plates separated by an insulating dielectric. Capacitors
have voltage ratings as well as capacitance ratings. Here are some schematic symbols for capacitors:

Nonpolarized Polarized

L L
T T

L L
T T

A capacitor’s capacitance is related to the electric permittivity of the dielectric material
(symbolized by the Greek letter “epsilon,” €), the cross-sectional area of the overlapping plates
(A), and the distance separating the plates (d):

€A
U=

Capacitance adds when capacitors are connected in parallel. It diminishes when capacitors are
connected in series:

1
1 1 1
ottt ter

Cparallel = C'1 + C'2 + - Cn Cseries =
The relationship between voltage and current for a capacitor is as follows:

av
I=0"-
Ca

As such, capacitors oppose changes in voltage over time by creating a current. This behavior
makes capacitors useful for stabilizing voltage in DC circuits. One way to think of a capacitor
in a DC circuit is as a temporary voltage source, always “wanting” to maintain voltage across its
terminals at the same value.

The amount of potential energy (E,, in units of joules) stored by a capacitor is proportional to
the square of the voltage:

1
E,=-CV?
L)
In an AC circuit, the amount of capacitive reactance (X¢) offered by a capacitor is inversely

proportional to both capacitance and frequency:

1
- 2nfC

Xc
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3.10 Inductors

Any conductor possesses a characteristic called inductance: the ability to store energy in the form
of a magnetic field. Inductance is symbolized by the capital letter L and is measured in the unit of
the Henry (H).

Inductance is a non-dissipative quantity. Unlike resistance, a pure inductance does not dissipate
energy in the form of heat; rather, it stores and releases energy from and to the rest of the circuit.

Inductors are devices expressly designed and manufactured to possess inductance. They are
typically constructed of a wire coil wound around a ferromagnetic core material. Inductors have
current ratings as well as inductance ratings. Due to the effect of magnetic saturation, inductance
tends to decrease as current approaches the rated maximum value in an iron-core inductor. Here
are some schematic symbols for inductors:

An inductor’s inductance is related to the magnetic permeability of the core material (u), the
number of turns in the wire coil (N), the cross-sectional area of the coil (A), and the length of the
coil (1):

B uNZA
o

Inductance adds when inductors are connected in series. It diminishes when inductors are
connected in parallel:

L

1

1 1 1
Lt Tt

Lseries = Ll + L2 + Ln Lparallel =

The relationship between voltage and current for an inductor is as follows:

dl
= L—
v dt

As such, inductors oppose changes in current over time by dropping a voltage. This behavior
makes inductors useful for stabilizing current in DC circuits. One way to think of an inductor in a
DC circuit is as a temporary current source, always “wanting” to maintain current through its coil
at the same value.

The amount of potential energy (E,, in units of joules) stored by an inductor is proportional to
the square of the current:

1
Eb::iLIQ

In an AC circuit, the amount of inductive reactance (Xp) offered by an inductor is directly
proportional to both inductance and frequency:

X =2nfL
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Chapter 4

AC electricity

While direct current (DC) refers to the flow of electrical charge carriers in a continuous direction,
alternating current (or AC) refers to a periodic reversal of charge flow direction!. As a mode of
transferring electrical power, AC is tremendously useful because it allows us to use transformers to
easily and efficiently step voltage up or down at will. If an electro-physical sensor senses a physical
quantity that oscillates, the electric signal it produces will oscillate (AC) as well. For both these
reasons, an instrument technician needs to be aware of how AC circuits work, and how to understand

them mathematically.

Tt is also acceptable to refer to electrical voltages and/or currents that vary periodically over time even if their
directions never alternate, as AC superimposed on DC.
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4.1 RMS quantities

It is often useful to be able to express the amplitude of an AC quantity such as voltage or current in
terms that are equivalent to direct current (DC). Doing so provides an “apples-to-apples” comparison
between AC and DC quantities that makes comparative circuit analysis much easier.

The most popular standard of equivalence is based on work and power, and we call this the
root-mean-square value of an AC waveform, or RMS for short. For example, an AC voltage of 120
volts “RMS” means that this AC voltage is capable of producing the exact same amount of power
(in Watts) at an electrical load as a 120 volt DC source powering the exact same load.

The problem is exactly how to calculate this “RMS” value if all we know about the AC waveform
is its peak value. If we compare a sine wave and a DC “wave” side by side, it is clear that the sine
wave must peak at a greater value than the constant DC level in order to be equivalent in terms of
doing the same work in the same amount of time:

peak
voltage constant

voltage —

AC circuit DC circuit

() R R

At first, it might seem like the correct approach would be to use calculus to integrate the sine
wave over one-half of a cycle (from 0 to 7 radians) and figure out how much area is under the
curve. This is close, but not fully correct. You see, the ability of an electrical voltage to produce
a power dissipation at a resistor is not directly proportional to the magnitude of that voltage, but
rather proportional to the square of the magnitude of that voltage! In mathematical terms, power
is predicted by the following equation:

V2

P="
R

If we double the amount of voltage applied to a resistor, the power increases four-fold. If we triple
the voltage, the power goes up by a factor of nine! If we are to figure out the “RMS” equivalent
value of a sine wave, we must take this nonlinearity into consideration.
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First let us begin with a mathematical equivalence between the DC and AC cases. On one
hand, the amount of work done by the DC voltage source will be equal to the power of that circuit
multiplied by time. The unit of measurement for power is the Watt, which is defined as 1 Joule
of work per second. So, multiplying the steady power rate in a DC circuit by the time we keep it
powered will result in an answer of joules (total energy dissipated by the resistor):

V2
Work = | — | ¢t
or (R)

On the other hand, the amount of work done by a sine-wave-shaped AC voltage is equal to the
square of the sine function divided by resistance, integrated over a specified time period. In other
words, we will use the calculus process of integration to calculate the area underneath the function
sin? t rather than under the function sint¢. Since the interval from 0 to 7 will encompass the essence
of the sine wave’s shape, this will be our integration interval:

™ gin? ¢
o R
Setting these two equations equal to each other (since we want the amount of work in each case

to be equal), and making sure the DC side of the equation has 7 for the amount of time (being the
same interval as the AC side), we get this:

LZ B 7Tsinztdt
R)"" ), R

First, we know that R is a constant value, and so we may move it out of the integrand:

V2> 1/“ 9
— T == sin“ t dt
(%) =%/

Multiplying both sides of the equation by R eliminates it completely. This should make intuitive
sense, as our RMS equivalent value for a voltage is defined strictly by the ability to produce the
same amount of power as the same value of DC voltage for any resistance value. Therefore the
actual value of resistance (R) should not matter, and it should come as no surprise that it falls out:

Work = dt

T
Vir = / sin? ¢ dt
0

Now, we may simplify the integrand by substituting the half-angle equivalence for the sin® ¢
function

V27r:/ﬁ 1 —cos2t it
0 2

Factoring one-half out of the integrand and moving it outside (because it’s a constant):

1 s
V27r:7/ 1 — cos2tdt
2 /o
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We may write this as the difference between two integrals, treating each term in the integrand

as its own integration problem:
9 1 ™ s
Vimr = - 1dt — cos 2t dt
2 \Jo 0

The second integral may be solved simply by using substitution, with v = 2t, du = 2 dt, and

dtzd—g‘:
9 1 T T cosu
Vim= - 1dt— du

Moving the one-half outside the second integrand:

Vzw—l(/ ldt—l/ cosudu>
2 \Jo 2 Jo

Finally, now we can integrate the silly thing:

Vir = % <[t]3 - % [SiHQt]z)r)

Vi = % ([w —0] - %[Sin 2m — s1n0]>
Vi = % ([77— 0 %[0— 0})
Vir = %(77 -0)
Vi = %W
We can see that 7 cancels out of both sides:
V?= %

Taking the square root of both sides, we arrive at our final answer:

1
MG

So, for a sinusoidal voltage with a peak value of 1 volt, the DC equivalent or “RMS” voltage
value would be % volts, or approximately 0.707 volts. In other words, a sinusoidal voltage of 1 volt
peak will produce just as much power dissipation at a resistor as a steady DC battery voltage of
0.7071 volts applied to that same resistor. Therefore, this 1 volt peak sine wave may be properly
called a 0.7071 volt RMS sine wave, or a 0.7071 volt “DC equivalent” sine wave.

This factor for sinusoidal voltages is quite useful in electrical power system calculations, where
the wave-shape of the voltage is nearly always sinusoidal (or very close). In your home, for example,
the voltage available at any wall receptacle is 120 volts RMS, which translates to 169.7 volts peak.
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Electricians and electronics technicians often memorize the % conversion factor without realizing
it only applies to sinusoidal voltage and current waveforms. If we are dealing with a non-sinusoidal
wave-shape, the conversion factor between peak and RMS will be different! The mathematical
procedure for obtaining the conversion factor will be identical, though: integrate the wave-shape’s
function (squared) over an interval sufficiently long to capture the essence of the shape, and set that
equal to V2 times that same interval span.

4.2 Resistance, Reactance, and Impedance

Resistance (R) is the dissipative opposition to an electric current, analogous to friction encountered
by a moving object. Reactance (X) is the opposition to an electric current resulting from energy
storage within circuit components, analogous to inertia of a moving object. Impedance (Z) is the
combined total opposition to an electric current.

Reactance comes in two opposing types: capacitive (X¢) and inductive (X). Each one is a
function of frequency (f) in an AC circuit:

1
- 2rfC

Xc Xp =2nfL
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4.3 Series and parallel circuits

Impedance in a series circuit is the orthogonal sum of resistance and reactance:

Z=\[R?+ (X} - X2)

FEquivalent series and parallel circuits are circuits that have the exact same total impedance
as one another, one with series-connected resistance and reactance, and the other with parallel-
connected resistance and reactance. The resistance and reactance values of equivalent series and
parallel circuits may be expressed in terms of those circuits’ total impedance:

Resies S S SR 5

If the total impedance of one circuit (either series or parallel) is known, the component values of
the equivalent circuit may be found by algebraically manipulating these equations and solving for
the desired R and X values:

2 2
7% = Rseriestarallel 4 :XseriesXparallel
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4.4 Phasor mathematics
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Something every beginning trigonometry student learns (or should learn) is how a sine wave is
derived from the polar plot of a circle:
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This translation from circular motion to a lengthwise plot has special significance to electrical
circuits, because the circular diagram represents how alternating current (AC) is generated by a
rotating machines, while the lengthwise plot shows how AC is generally displayed on a measuring
instrument. The principle of an AC generator is that a magnet is rotated on a shaft past stationary
coils of wire. When these wire coils experience the changing magnetic field produced by the rotating
magnet, a sinusoidal voltage will be induced in the coils.

Vcoi |

Vo

Vcoi |

O

-V 0

VCOi| = Vo cos 0
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While sine and cosine wave graphs are quite descriptive, there is another type of graph that is
even more descriptive for AC circuits: the so-called crank diagram. A “crank diagram” represents
the sinusoidal wave not as a plot of instantaneous amplitude versus time, but rather as a plot of
peak amplitude versus generator shaft angle. This is basically the polar-circular plot seen earlier,
which beginning trigonometry students often see near the beginning of their studies:
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By representing a sinusoidal voltage as a rotating vector instead of a graph over time, it is easier
to see how multiple waveforms will interact with each other. Quite often in alternating-current (AC)
circuits, we must deal with voltage waveforms that add with one another by virtue of their sources
being connected in series. This sinusoidal addition becomes confusing if the two waveforms are not
perfectly in step, which is often the case. However, out-of-step sinusoids are easy to represent and
easy to sum when drawn as vectors in a crank diagram. Consider the following example, showing
two sinusoidal waveforms, 60 degrees (% radians) out of step with each other:

3
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1
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Graphically computing the sum of these two waves would be quite difficult in the standard graph
(right-hand side), but it is as easy as stacking vectors tip-to-tail in the crank diagram:

N 32 S

The length of the dashed-line vector A + B (radius of the dashed-line circle) represents the
amplitude of the resultant sum waveform, while the phase shift is represented by the angles between

this new vector and the original vectors A and B.
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This is all well and good, but we need to have a symbolic means of representing this same
information if we are to do any real math with AC voltages and currents. There is one way to do
this, if we take the leap of labeling the axes of the “crank diagram” as the axes of a complex plane
(real and imaginary numbers):

+imaginary

-real +real

-imaginary
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If we do this, we may symbolically represent each vector as a complex number. For example,
vector B in the above diagram could be represented as the complex number z + jy (using j as the
symbol for an imaginary quantity instead of ¢ so as to not confuse it with current):

+imaginary

us]
=

-real +real

-imaginary

Alternatively, we could express this complex quantity in polar form as an amplitude (B) and an
angle (0), using the cosine and sine functions to translate this amplitude and angle into rectangular
terms:

B(cos© + jsin ©)

This is where things get really elegant. As you may recall, Euler’s Relation relates complex
exponential functions to trigonometric functions as such:

¢’® = cos© + jsin©

With this critical piece of information, we have a truly elegant way to express all the information
contained in the crank-diagram vector, in the form of an exponential term:

Bel®

In other words, this AC voltage, which is really a sinusoidal function over time, may be symbolized
as a constant amplitude B (representing the peak voltage of the waveform) multiplied by a complex
exponential (e’®). What makes this representation really nice is that the complex exponential
obeys all the mathematical laws we associate with real exponentials, including the differentiation
and integration rules of calculus. This makes math operations much easier to deal with than if we
had to represent AC voltages as trigonometric functions.

Credit for this mathematical application goes to Charles Proteus Steinmetz, the brilliant electrical
engineer (1865-1923). At the time, Steinmetz simply referred to this representation of AC waveforms
as vectors. Now, we assign them the unique name of phasors so as to not confuse them with other
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types of vectors. The term “phasor” is quite appropriate, because the angle of a phasor (©) represents
the phase shift between that waveform and a reference waveform.

The notation has become so popular in electrical theory that even students who have never been
introduced to Euler’s Relation use them. In this case the notation is altered to make it easier to
understand. Instead of writing Be/®, the mathematically innocent electronics student would write
B/0O.

However, the real purpose of phasors is to make difficult math easier, so this is what we will
explore now. Consider the problem of defining electrical opposition to current in an AC circuit.
In DC (direct-current) circuits, resistance (R) is defined by Ohm’s Law as being the ratio between
voltage (V) and current (I):

1%
R=7

There are some electrical components, though, which do not obey Ohm’s Law. Capacitors and
inductors are two outstanding examples. The fundamental reason why these two components do not
follow Ohm’s Law is because they do not dissipate energy like resistances do. Rather than dissipate
energy (in the form of heat and/or light), capacitors and inductors store and release energy from and
to the circuit in which they are connected. The contrast between resistors and these components
is remarkably similar to the contrast between friction and inertia in mechanical systems. Whether
pushing a flat-bottom box across a floor or pushing a heavy wheeled cart across a floor, work is
required to get the object moving. However, the flat-bottom box will immediately stop when you
stop pushing it, while the wheeled cart will continue to coast because it has kinetic energy stored in
it.

The relationships between voltage and current for capacitors (C') and inductors (L) are as follows:

av dl
I1=C 7 V=L i

Expressed verbally, capacitors pass electric current proportional to how quickly the voltage across
them changes over time. Conversely, inductors produce a voltage drop proportional to how quickly
current through them changes over time. The symmetry here is beautiful: capacitors, which store
energy in an electric field, oppose changes in voltage. Inductors, which store energy in a magnetic
field, oppose changes in current.

When either type of component is placed in an AC circuit, and subjected to sinusoidal voltages
and currents, it will appear to have a “resistance.” Given the amplitude of the circuit voltage and
the frequency of oscillation (how rapidly the waveforms alternate over time), each type of component
will only pass so much current. It would be nice, then, to be able to express the opposition each
of these components offers to alternating current in the same way we express the resistance of a
resistor in ohms (€2). To do this, we will have to figure out a way to take the above equations and
manipulate them to express each component’s behavior as a ratio of % I will begin this process by
using regular trigonometric functions to represent AC waveforms, then after seeing how ugly this
gets I will switch to using phasors and you will see how much easier the math becomes.
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Let’s start with the capacitor. Suppose we impress an AC voltage across a capacitor as such:

AC voltage
source @ C =~ Capacitor

V =snwt

It is common practice to represent the angle of an AC signal as the product wt rather than as
a static angle ©, with w representing the angular velocity of the circuit in radians per second. If a
circuit has a w equal to 2w, it means the generator shaft is making one full rotation every second.
Multiplying w by time t will give the generator’s shaft position at that point in time. For example,
in the United States our AC power grid operates at 60 cycles per second, or 60 revolutions of our
ideal generator every second. This translates into an angular velocity w of 1207 radians per second,

or approximately 377 radians per second.
We know that the capacitor’s relationship between voltage and current is as follows:

I=(C-—
Odt

Therefore, we may substitute the expression for voltage in this circuit into the equation and use
calculus to differentiate it with respect to time:

I= C’%(sinwt)

I = wC(coswt)

The ratio of % (the opposition to electric current, analogous to resistance R) will then be:

Vv _ sinwt
I wCcoswt
1% 1 ; ;
— = —tanw
I wC
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This might look simple enough, until you realize that the ratio ¥ will become undefined for

T
certain values of ¢, notably 7 and %” If we look at a time-domain plot of voltage and current for
a capacitor, it becomes clear why this is. There are points in time where voltage is maximum and

current is zero:

\Y

Max. voltage,

Max. voltage,
zero current

zero current

Max. voltage, Max. voltage,
zero current zero current

At these instantaneous points in time, it truly does appear as if the “resistance” of the capacitor
is undefined (infinite), with multiple incidents of maximum voltage and zero current. However, this
does not capture the essence of what we are trying to do: relate the peak amplitude of the voltage
with the peak amplitude of the current, to see what the ratio of these two peaks are. The ratio
calculated here utterly fails because those peaks never happen at the same time.

One way around this problem is to express the voltage as a complex quantity rather than as a
scalar quantity. In other words, we use the sine and cosine functions to represent what this wave
is doing, just like we used the “crank diagram” to represent the voltage as a rotating vector. By
doing this, we can represent the waveforms as static amplitudes (vector lengths) rather than as
instantaneous quantities that alternately peak and dip over time. The problem with this approach
is that the math gets a lot tougher:

av
I:CE V = coswt + jsinwt

d
I= C%(coswt + jsinwt)

I = C(—wsinwt + jw coswt)
I = wC(—sinwt + j coswt)

|4 coswt + 7 sinwt

T wC(—sinwt + j coswt)
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The final result is so ugly no one would want to use it. We may have succeeded in obtaining a
ratio of V' to I that doesn’t blow up at certain values of ¢, but it provides no practical insight into
what the capacitor will really do when placed in the circuit.

Phasors to the rescue! Instead of representing the source voltage as a sum of trig functions
(V = coswt + jsinwt), we will use Euler’s Relation to represent it as a complex exponential and
differentiate from there:

1= C’d—v V =el¥t
dt
d .
— el Jwt
Cdt (e )
I = jwCel*t
1% elwt
T jwCeiwt
v__ 1
I jwC
Vo1
1 ij’

Note how the exponential term completely drops out of the equation, leaving us with a clean
ratio strictly in terms of capacitance (C'), angular velocity (w), and of course j. This is the power
of phasors: it transforms an ugly math problem into something trivial by comparison.

Another detail of phasor math that is both beautiful and practical is the famous expression
of Euler’s Relation, the one all math teachers love because it directly relates several fundamental
constants in one elegant equation:

e’ =-1

If you understand that this equation is nothing more than the fuller version of Euler’s Relation
with © set to the value of 7w, you may draw a few more practical insights from it:

€'® = cosO® +isin O
e =cosm+isinm

e =—1410

e =-1
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After seeing this, the natural question to ask is what happens when we set © equal to other,

common angles such as 0, 7,

X or 37“? The following examples explore these angles:

e = cos0+isin0

e =1+i0
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We may show all the equivalencies on the complex plane, as unit vectors:

+imaginary
dm? =
dm=-1 =1
-real +real
eI3TVZ = .
-imaginary

Going back to the result we got for the capacitor’s opposition to current (%), we see that we can
express the —i term (or —j term, as it is more commonly written in electronics work) as a complex
exponential and gain a little more insight:

V 1

1~ Juc

L)

What this means is that the capacitor’s opposition to current takes the form of a phasor pointing
down on the complex plane. In other words, it is a phasor with a fixed angle (37”7 or —% radians)
rather than rotating around the origin like all the voltage and current phasors do. In electric circuit
theory, there is a special name we give to such a quantity, being a ratio of voltage to current,
but possessing a complex value. We call this quantity impedance rather than resistance, and we
symbolize it using the letter Z.

When we do this, we arrive at a new form of Ohm’s Law for AC circuits:

Vv Vv
Z=— =17 I=—
I v Z
With all quantities expressed in the form of phasors, we may apply nearly all the rules of DC

circuits (Ohm’s Law, Kirchhoff’s Laws, etc.) to AC circuits. What was old is new again!
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Chapter 5

Introduction to Industrial
Instrumentation

Instrumentation is the science of automated measurement and control. Applications of this science
abound in modern research, industry, and everyday living. From automobile engine control systems
to home thermostats to aircraft autopilots to the manufacture of pharmaceutical drugs, automation
surrounds us. This chapter explains some of the fundamental principles of industrial instrumentation.

The first step, naturally, is measurement. If we can’t measure something, it is really pointless to
try to control it. This “something” usually takes one of the following forms in industry:

e Fluid pressure

e Fluid flow rate

e The temperature of an object

e Fluid volume stored in a vessel

e Chemical concentration

e Machine position, motion, or acceleration
e Physical dimension(s) of an object

e Count (inventory) of objects

e Electrical voltage, current, or resistance

Once we measure the quantity we are interested in, we usually transmit a signal representing
this quantity to an indicating or computing device where either human or automated action then
takes place. If the controlling action is automated, the computer sends a signal to a final controlling
device which then influences the quantity being measured.

161
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This final control device usually takes one of the following forms:
e Control valve (for throttling the flow rate of a fluid)
e Electric motor

o Electric heater

Both the measurement device and the final control device connect to some physical system which
we call the process. To show this as a general block diagram:

Decides
Controller
Senses Influences
Measuring Final control
device device
Reacts

The common home thermostat is an example of a measurement and control system, with the
home’s internal air temperature being the “process” under control. In this example, the thermostat
usually serves two functions: sensing and control, while the home’s heater adds heat to the home
to increase temperature, and/or the home’s air conditioner extracts heat from the home to decrease
temperature. The job of this control system is to maintain air temperature at some comfortable
level, with the heater or air conditioner taking action to correct temperature if it strays too far from
the desired value (called the setpoint).

Industrial measurement and control systems have their own unique terms and standards, which is
the primary focus of this lesson. Here are some common instrumentation terms and their definitions:

Process: The physical system we are attempting to control or measure. FExamples: water filtration
system, molten metal casting system, steam boiler, oil refinery unit, power generation unit.

Process Variable, or PV: The specific quantity we are measuring in a process. Ezamples: pressure,
level, temperature, flow, electrical conductivity, pH, position, speed, vibration.
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Setpoint, or SP: The value at which we desire the process variable to be maintained at. In other
words, the “target” value of the process variable.

Primary Sensing Element, or PSE: A device that directly senses the process variable and
translates that sensed quantity into an analog representation (electrical voltage, current, resistance;
mechanical force, motion, etc.). Ezamples: thermocouple, thermistor, bourdon tube, microphone,
potentiometer, electrochemical cell, accelerometer.

Transducer: A device that converts one standardized instrumentation signal into another
standardized instrumentation signal, and/or performs some sort of processing on that signal. Often
referred to as a converter and sometimes as a “relay.” Examples: I/P converter (converts 4-20 mA
electric signal into 3-15 PSI pneumatic signal), P/I converter (converts 8-15 PSI pneumatic signal
into 4-20 mA electric signal), square-root extractor (calculates the square root of the input signal).

Note: in general science parlance, a “transducer” is any device that converts one form of energy
into another, such as a microphone or a thermocouple. In industrial instrumentation, however, we
generally use “primary sensing element” to describe this concept and reserve the word “transducer”
to specifically refer to a conversion device for standardized instrumentation signals.

Transmitter: A device that translates the signal produced by a primary sensing element (PSE) into
a standardized instrumentation signal such as 3-15 PSI air pressure, 4-20 mA DC electric current,
Fieldbus digital signal packet, etc., which may then be conveyed to an indicating device, a controlling
device, or both.

Lower- and Upper-range values, abbreviated LRV and URV, respectively: the values of process
measurement deemed to be 0% and 100% of a transmitter’s calibrated range. For example, if a
temperature transmitter is calibrated to measured a range of temperature starting at 300 degrees
Celsius and ending at 500 degrees Celsius, 300 degrees would be the LRV and 500 degrees the URV.

Controller: A device that receives a process variable (PV) signal from a primary sensing element
(PSE) or transmitter, compares that signal to the desired value for that process variable (called the
setpoint), and calculates an appropriate output signal value to be sent to a final control element
(FCE) such as an electric motor or control valve.

Final Control Element, or FCE: A device that receives the signal from a controller to directly
influence the process. Examples: variable-speed electric motor, control valve, electric heater.

Automatic mode: When the controller generates an output signal based on the relationship of
process variable (PV) to the setpoint (SP).

Manual mode: When the controller’s decision-making ability is bypassed to let a human operator

directly determine the output signal sent to the final control element.

Now I will show you some practical examples of measurement and control systems so you can
get a better idea of these fundamental concepts.
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5.1 Example: boiler water level control system

Steam boilers are very common in industry, principally because steam power is so useful. Common
uses for steam in industry include doing mechanical work (e.g. a steam engine moving some sort
of machine), heating, producing vacuums (through the use of “steam eductors”), and augmenting
chemical processes (e.g. reforming of natural gas into hydrogen and carbon dioxide).

The process of converting water into steam is quite simple: heat up the water until it boils.
Anyone who has ever boiled a pot of water for cooking knows how this process works. Making steam
continuously, however, is a little more complicated. An important variable to measure and control
in a continuous boiler is the level of water in the “steam drum” (the upper vessel in a water-tube
boiler). In order to safely and efficiently produce a continuous flow of steam, we must ensure the
steam drum never runs too low on water, or too high. If there is not enough water in the drum, the
water tubes may run dry and burn through from the heat of the fire. If there is too much water in
the drum, liquid water may be carried along with the flow of steam, causing problems downstream.
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In this next illustration, you can see the essential elements of a water level control system,
showing transmitter, controller, and control valve:
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The first instrument in this control system is the level transmitter, or “LT”. The purpose of this
device is to sense the water level in the steam drum and report that measurement to the controller
in the form of an instrument signal. In this case, the type of signal is pneumatic: a variable air
pressure sent through metal or plastic tubes. The greater the water level in the drum, the more air
pressure output by the level transmitter. Since the transmitter is pneumatic, it must be supplied
with a source of clean, compressed air on which to run. This is the meaning of the “A.S.” tube (Air
Supply) entering the top of the transmitter.

This pneumatic signal is sent to the next instrument in the control system, the level indicating
controller, or “LIC”. The purpose of this instrument is to compare the level transmitter’s signal
with a setpoint value entered by a human operator (the desired water level in the steam drum). The
controller then generates an output signal telling the control valve to either introduce more or less
water into the boiler to maintain the steam drum water level at setpoint. As with the transmitter,
the controller in this system is pneumatic, operating entirely on compressed air. This means the
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output of the controller is also a variable air pressure signal, just like the signal output by the level
transmitter. Naturally, the controller requires a constant supply of clean, compressed air on which
to run, which explains the “A.S.” (Air Supply) tube connecting to it.

The last instrument in this control system is the control valve, being operated directly by the air
pressure signal generated by the controller. This particular control valve uses a large diaphragm to
convert the air pressure signal into a mechanical force to move the valve open and closed. A large
spring inside the valve mechanism provides the force necessary to return the valve to its normal
position, while the force generated by the air pressure on the diaphragm works against the spring
to move the valve the other direction.

When the controller is placed in the “automatic” mode, it will move the control valve to whatever
position it needs to be in order to maintain a constant steam drum water level. The phrase “whatever
position it needs to be” suggests that the relationship between the controller output signal, the
process variable signal (PV), and the setpoint (SP) can be quite complex. If the controller senses a
water level above setpoint, it will take whatever action is necessary to bring that level back down
to setpoint. Conversely, if the controller senses a water level below setpoint, it will take whatever
action is necessary to bring that level up to setpoint. What this means in a practical sense is that
the controller’s output signal (equating to valve position) is just as much a function of process load
(i.e. how much steam is being used from the boiler) as it is a function of setpoint.

Consider a situation where the steam demand from the boiler is very low. If there isn’t much
steam being drawn off the boiler, this means there will be little water boiled into steam and therefore
little need for additional feedwater to be pumped into the boiler. Therefore, in this situation, one
would expect the control valve to hover near the fully-closed position, allowing just enough water
into the boiler to keep the steam drum water level at setpoint.

If, however, there is great demand for steam from this boiler, the rate of evaporation will be
much higher. This means the control system will have to add feedwater to the boiler at a much
greater flow rate in order to maintain the steam drum water level at setpoint. In this situation we
would expect to see the control valve much closer to being fully-open as the control system “works
harder” to maintain a constant water level in the steam drum.

A human operator running this boiler has the option of placing the controller into “manual”
mode. In this mode, the control valve position is under direct control of the human operator,
with the controller essentially ignoring the signal sent from the water level transmitter. Being an
indicating controller, the controller faceplate will still show how much water is in the steam drum,
but it is now the human operator’s sole responsibility to move the control valve to the appropriate
position to hold water level at setpoint.

Manual mode is useful to the human operator(s) during start-up and shut-down conditions. It is
also useful to the instrument technician for troubleshooting a mis-behaving control system. When a
controller is in automatic mode, the output signal (sent to the control valve) changes in response to
the process variable (PV) and setpoint (SP) values. Changes in the control valve position, in turn,
naturally affect the process variable signal through the physical relationships of the process. What
we have here is a situation where causality is uncertain. If we see the process variable changing
erratically over time, does this mean we have a faulty transmitter (outputting an erratic signal), or
does it mean the controller output is erratic (causing the control valve to shift position unnecessarily),
or does it mean the steam demand is fluctuating and causing the water level to vary as a result?
So long as the controller remains in automatic mode, we can never be completely sure what is
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causing what to happen, because the chain of causality is actually a loop, with everything affecting
everything else in the system.

A simple way to diagnose such a problem is to place the controller in manual mode. Now the
output signal to the control valve will be fixed at whatever level the human operator or technician
sets it to. If we see the process variable signal suddenly stabilize, we know the problem has something
to do with the controller output. If we see the process variable signal suddenly become even more
erratic once we place the controller in manual mode, we know the controller was actually trying to
do its job properly in automatic mode and the cause of the problem lies within the process itself.

As was mentioned before, this is an example of a pneumatic (compressed air) control system,
where all the instruments operate on compressed air, and use compressed air as the signaling medium.
Pneumatic instrumentation is an old technology, dating back many decades. While most modern
instruments are electronic in nature, pneumatic instruments still find application within industry.
The most common industry standard for pneumatic pressure signals is 3 to 15 PSI, with 3 PSI
representing low end-of-scale and 15 PSI representing high end-of-scale. The following table shows
the meaning of different signal pressures are they relate to the level transmitter’s output:

Transmitter air signal pressure Steam drum water level
3 PSI 0% (Empty)
6 PSI 25%
9 PSI 50%
12 PSI 5%
15 PSI 100% (Full)

Likewise, the controller’s pneumatic output signal to the control valve uses the same 3 to 15 PSI
standard to command different valve positions:

Controller output signal pressure Control valve position
3 PSI 0% open (Fully shut)
6 PSI 25% open
9 PSI 50% open
12 PSI 75% open
15 PSI 100% (Fully open)

It should be noted the previously shown transmitter calibration table assumes the transmitter
measures the full range of water level possible in the drum. Usually, this is not the case. Instead,
the transmitter will be calibrated so it only senses a narrow range of water level near the middle
of the drum. Thus, 3 PSI (0%) will not represent an empty drum, and neither will 15 PSI (100%)
represent a completely full drum. Calibrating the transmitter like this helps avoid the possibility of
actually running the drum completely empty or completely full in the case of an operator incorrectly
setting the setpoint value near either extreme end of the measurement scale.
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An example table showing this kind of realistic transmitter calibration is shown here:

Transmitter air signal pressure Actual steam drum water level
3 PSI 40%
6 PSI 45%
9 PSI 50%
12 PSI 55%
15 PSI 60%
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5.2 Example: wastewater disinfection

The final step in treating wastewater before releasing it into the natural environment is to kill any
harmful bacteria in it. This is called disinfection, and chlorine gas is a very effective disinfecting
agent. However, just as it is not good to mix too little chlorine in the outgoing water (effluent)
because we might not disinfect the water thoroughly enough, there is also danger of injecting too
much chlorine in the effluent because then we might begin poisoning animals and beneficial micro-
organisms in the natural environment.

To ensure the right amount of chlorine injection, we must use a dissolved chlorine analyzer to
measure the chlorine concentration in the effluent, and use a controller to automatically adjust
the chlorine control valve to inject the right amount of chlorine at all times. The following P&ID
(Process and Instrument Diagram) shows how such a control system might look:
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Chlorine gas coming through the control valve mixes with the incoming water (influent), then
has time to disinfect in the contact chamber before exiting out to the environment.

The transmitter is labeled “AT” (Analytical Transmitter) because its function is to analyze the
concentration of chlorine dissolved in the water and transmit this information to the control system.
The “Cly” written near the transmitter bubble declares this to be a chlorine analyzer. The dashed
line coming out of the transmitter tells us the signal is electronic in nature, not pneumatic as was
the case in the previous (boiler control system) example. The most common and likely standard for
electronic signaling in industry is 4 to 20 milliamps DC, which represents chlorine concentration in
much the same way as the 3 to 15 PSI pneumatic signal standard represented steam drum water
level in the previous system:

Transmitter signal current Chlorine concentration
4 mA 0% (no chlorine)
8 mA 25%
12 mA 50%
16 mA 75%
20 mA 100% (Full concentration)
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The controller is labeled “AIC” because it is an Analytical Indicating Controller. Controllers are
always designated by the process variable they are charged with controlling, in this case the chlorine
analysis of the efluent. “Indicating” means there is some form of display that a human operator or
technician can read showing the chlorine concentration. “SP” refers to the setpoint value entered by
the operator, which the controller tries to maintain by adjusting the position of the chlorine injection
valve.

A dashed line going from the controller to the valve indicates another electronic signal, most likely
4 to 20 mA DC again. Just as with the 3 to 15 PSI pneumatic signal standard in the pneumatic
boiler control system, the amount of electric current in this signal path directly relates to a certain
valve position:

Controller output signal current Control valve position
4 mA 0% open (Fully shut)
8 mA 25% open
12 mA 50% open
16 mA 75% open
20 mA 100% (Fully open)

Note: it is possible, and in some cases even preferable, to have either a transmitter or a control
valve that responds in reverse fashion to an instrument signal such as 3 to 15 PSI or 4 to 20 milliamps.
For example, this valve could have been set up to be wide open at 4 mA and fully shut at 20 mA.
The main point to recognize here is that both the process variable sensed by the transmitter and
the position of the control valve are proportionately represented by an analog signal.

The letter “M” inside the control valve bubble tells us this is a motor-actuated valve. Instead
of using compressed air pushing against a spring-loaded diaphragm as was the case in the boiler
control system, this valve is actuated by an electric motor turning a gear-reduction mechanism. The
gear reduction mechanism allows slow motion of the control valve stem even though the motor spins
at a fast rate. A special electronic control circuit inside the valve actuator modulates electric power
to the electric motor in order to ensure the valve position accurately matches the signal sent by the
controller. In effect, this is another control system in itself, controlling valve position according to a
“setpoint” signal sent by another device (in this case, the AIT controller which is telling the valve
what position to go to).
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5.3 Example: chemical reactor temperature control

Sometimes we see a mix of instrument signal standards in one control system. Such is the case for this
particular chemical reactor temperature control system, where three different signal standards are
used to convey information between the instruments. A P&ID (Process and Instrument Diagram)
shows the inter-relationships of the process piping, vessels, and instruments:
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The purpose of this control system is to ensure the chemical solution inside the reactor vessel
is maintained at a constant temperature. A steam-heated “jacket” envelops the reactor vessel,
transferring heat from the steam into the chemical solution inside. The control system maintains
a constant temperature by measuring the temperature of the reactor vessel, and throttling steam
from a boiler to the steam jacket to add more or less heat as needed.

We begin as usual with the temperature transmitter, located near the bottom of the vessel. Note
the different line type used to connect the temperature transmitter (TT) with the temperature-
indicating controller (TIC): solid dots with lines in between. This signifies a digital electronic
instrument signal — sometimes referred to as a fieldbus — rather than an analog type (such as 4
to 20 mA or 3 to 15 PSI). The transmitter in this system is actually a computer, and so is the
controller. The transmitter reports the process variable (reactor temperature) to the controller
using digital bits of information. Here there is no analog scale of 4 to 20 milliamps, but rather
electric voltage/current pulses representing the 0 and 1 states of binary data.

Digital instrument signals are not only capable of transferring simple process data, but they
can also convey device status information (such as self-diagnostic test results). In other words, the
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digital signal coming from this transmitter not only tells the controller how hot the reactor is, but
it can also tell the controller how well the transmitter is functioning!

The dashed line exiting the controller shows it to be analog electronic: most likely 4 to 20
milliamps DC. This electronic signal does not go directly to the control valve, however. It passes
through a device labeled “TY”, which is a transducer to convert the 4 to 20 mA electronic signal
into a 3 to 15 PSI pneumatic signal which then actuates the valve. In essence, this signal transducer
acts as an electrically-controlled air pressure regulator, taking the supply air pressure (usually 20 to
25 PSI) and regulating it down to a level commanded by the controller’s electronic output signal.

At the temperature control valve (TV) the 3 to 15 PSI pneumatic pressure signal applies a force
on a diaphragm to move the valve mechanism against the restraining force of a large spring. The
construction and operation of this valve is the same as for the feedwater valve in the pneumatic
boiler water control system.
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5.4 Other types of instruments

So far we have just looked at instruments that sense, control, and influence process variables.
Transmitters, controllers, and control valves are respective examples of each instrument type.
However, other instruments exist to perform useful functions for us.

One common “auxiliary” instrument is the indicator, the purpose of which is to provide a human-
readable indication of an instrument signal. Quite often process transmitters are not equipped with
readouts for whatever variable they measure: they just transmit a standard instrument signal (3 to
15 PSI, 4 to 20 mA, etc.) to another device. An indicator gives a human operator a convenient
way of seeing what the output of the transmitter is without having to connect test equipment
(pressure gauge for 3-15 PSI, ammeter for 4-20 mA) and perform conversion calculations. Moreover,
indicators may be located far from their respective transmitters, providing readouts in locations
more convenient than the location of the transmitter itself. An example where remote indication
would be practical is shown here, in a nuclear reactor temperature measurement system:

Temperature Temperature
indicator transmitter

‘< 4-20 mA signal

No human can survive inside the concrete-walled containment vessel when the nuclear reactor
is operating, due to the strong radiation flux around the reactor. The temperature transmitter is
built to withstand the radiation, though, and it transmits a 4 to 20 milliamp electronic signal to an
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indicating recorder located outside of the containment building where it is safe for a human operator
to be. There is nothing preventing us from connecting multiple indicators, at multiple locations,
to the same 4 to 20 milliamp signal wires coming from the temperature transmitter. This allows
us to display the reactor temperature in as many locations as we desire, since there is no absolute
limitation on how far we may conduct a DC milliamp signal along copper wires.

Another common “auxiliary” instrument is the recorder (sometimes specifically referred to as a
chart recorder or a trend recorder), the purpose of which is to draw a graph of process variable(s)
over time. Recorders usually have indications built into them for showing the instantaneous value
of the instrument signal(s) simultaneously with the historical values, and for this reason are usually
designated as indicating recorders. A temperature indicating recorder for the nuclear reactor system
shown previously would be designated as a “TIR” accordingly.

Recorders are extremely helpful for troubleshooting process control problems. This is especially
true when the recorder is configured to record not just the process variable, but also the controller’s
setpoint and output variables as well. Here is an example of a typical “trend” showing the
relationship between process variable, setpoint, and controller output in automatic mode, as graphed
by a recorder:
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Here, the setpoint (SP) appears as a perfectly straight (red) line, the process variable as a slightly
bumpy (blue) line, and the controller output as a very bumpy (purple) line. We can see from this
trend that the controller is doing exactly what it should: holding the process variable value close to
setpoint, manipulating the final control element as far as necessary to do so. The erratic appearance
of the output signal is not really a problem, contrary to most peoples’ first impression. The fact
that the process variable never deviates significantly from the setpoint tells us the control system is
operating quite well. What accounts for the erratic controller output, then? Variations in process
load. As other variables in the process vary, the controller is forced to compensate for these variations
in order that the process variable does not drift from setpoint. Now, maybe this does indicate a
problem somewhere else in the process, but there is certainly no problem in this control system.
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Recorders become powerful diagnostic tools when coupled with the controller’s manual control
mode. By placing a controller in “manual” mode and allowing direct human control over the final
control element (valve, motor, heater), we can tell a lot about a process. Here is an example of a
trend recording for a process in manual mode, where the process variable response is seen graphed
in relation to the controller output as that output is increased and decreased in steps:
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Notice the time delay between when the output signal is “stepped” to a new value and when
the process variable responds to the change. This sort of delay is generally not good for a control
system. Imagine trying to steer an automobile whose front wheels respond to your input at the
steering wheel only after a 5-second delay! This would be a very challenging car to drive, because
the steering is grossly delayed. The same problem plagues any industrial control system with a time
lag between the final control element and the transmitter. Typical causes of this problem include
transport delay (where there is a physical delay resulting from transit time of a process medium
from the point of control to the point of measurement) and mechanical problems in the final control
element.

This next example shows another type of problem revealed by a trend recording during manual-
mode testing:
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Here, we see the process quickly responding to all step-changes in controller output except for
those involving a change in direction. This problem is usually caused by mechanical friction in the
final control element (e.g. sticky valve stem packing in a pneumatically-actuated control valve), and
is analogous to “loose” steering in an automobile, where the driver must turn the steering wheel a
little bit extra after reversing steering direction. Anyone who has ever driven an old farm tractor
knows what this phenomenon is like, and how it detrimentally affects one’s ability to steer the tractor
in a straight line.

Another type of instrument commonly seen in measurement and control systems is the process
switch. The purpose of a switch is to turn on and off with varying process conditions. Usually,
switches are used to activate alarms to alert human operators to take special action. In other
situations, switches are directly used as control devices.
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The following P&ID of a compressed air control system shows both uses of process switches:
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The “PSH” (pressure switch, high) activates when the air pressure inside the vessel reaches its
high control point. The “PSL” (pressure switch, low) activates when the air pressure inside the
vessel drops down to its low control point. Both switches feed discrete (on/off) electrical signals to
a logic control device (signified by the diamond) which then controls the starting and stopping of
the electric motor-driven air compressor.

Another switch in this system labeled “PSHH” (pressure switch, high-high) activates only if
the air pressure inside the vessel exceeds a level beyond the high shut-off point of the high pressure
control switch (PSH). If this switch activates, something has gone wrong with the compressor control
system, and the high pressure alarm (PAH, or pressure alarm, high) activates to notify a human
operator.

All three switches in this air compressor control system are directly actuated by the air pressure
in the vessel. In other words these are process-sensing switches. It is possible to build switch devices
that interpret standardized instrumentation signals such as 3 to 15 PSI (pneumatic) or 4 to 20
milliamps (analog electronic), which allows us to build on/off control systems and alarms for any
type of process variable we can measure with a transmitter.
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For example, the chlorine wastewater disinfection system shown earlier may be equipped with
a couple of alarm switches to alert an operator if the chlorine concentration ever exceeds pre-
determined high or low limits:
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The labels “AAL” and “AAH” refer to analytical alarm low and analytical alarm high,
respectively. Since both alarms work off the 4 to 20 milliamp electronic signal output by the chlorine
analytical transmitter (AT) rather than directly sensing the process, their construction is greatly
simplified. If these were process-sensing switches, each one would have to be equipped with the
capability of directly sensing chlorine concentration. In other words, each switch would have to be
its own chlorine concentration analyzer, with all the inherent complexity of such a device!
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5.5 Summary

Instrument technicians maintain the safe and efficient operation of industrial measurement and
control systems. As this chapter shows, this requires a broad command of technical skill.
Instrumentation is more than just physics or chemistry or mathematics or electronics or mechanics
or control theory alone. An instrument technician must understand all these subject areas to some
degree, and more importantly how these knowledge areas relate to each other.

The all-inclusiveness of this profession makes it very challenging and interesting. Adding to the
challenge is the continual introduction of new technologies. The advent of new technologies, however,
does not necessarily relegate legacy technologies to the scrap heap. It is quite common to find state-
of-the-art instruments in the very same facility as decades-old instruments; digital fieldbus networks
running alongside 3 to 15 PSI pneumatic signal tubes; microprocessor-based sensors mounted right
next to old mercury tilt-switches. Thus, the competent instrument technician must be comfortable
working with both old and new technologies, understanding the relative merits and weaknesses of
each.

This is why the most important skill for an instrument technician is the ability to teach oneself.
It is impossible to fully prepare for a career like this with any amount of preparatory schooling. The
profession is so broad and the responsibility so great, and the landscape so continuously subject to
change, that life-long learning for the technician is a matter of professional survival.
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Chapter 6

Instrumentation documents

Every technical discipline has its own standardized way(s) of making descriptive diagrams, and
instrumentation is no exception. The scope of instrumentation is so broad, however, that no one
form of diagram is sufficient to capture all we might need to represent. This chapter will discuss
three different types of instrumentation diagrams:

e Process Flow Diagrams (PFDs)
e Process and Instrument diagrams (P&IDs)
e Loop diagrams (“loop sheets”)

e SAMA diagrams

At the highest level, the instrument technician is interested in the interconnections of process
vessels, pipes, and flow paths of process fluids. The proper form of diagram to represent the “big
picture” of a process is called a process flow diagram. Individual instruments are sparsely represented
in a PFD, because the focus of the diagram is the process itself.

At the lowest level, the instrument technician is interested in the interconnections of individual
instruments, including all the wire numbers, terminal numbers, cable types, instrument calibration
ranges, etc. The proper form of diagram for this level of fine detail is called a loop diagram. Here,
the process vessels and piping are sparsely represented, because the focus of the diagram is the
instruments themselves.

Process and instrument diagrams (P&IDs) lie somewhere in the middle between process flow
diagrams and loop diagrams. A P&ID shows the layout of all relevant process vessels, pipes, and
machinery, but with instruments superimposed on the diagram showing what gets measured and
what gets controlled. Here, one can view the flow of the process as well as the “flow” of information
between instruments measuring and controlling the process.

SAMA diagrams are used for an entirely different purpose: to document the strategy of a control
system. In a SAMA diagram, emphasis is placed on the algorithms used to control a process, as
opposed to piping, wiring, or instrument connections. These diagrams are commonly found within
the power generation industry, but are sometimes used in other industries as well.

181
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An instrument technician must often switch between different diagrams when troubleshooting a
complex control system. There is simply too much detail for any one diagram to show everything.
Even if the page were large enough, a “show everything” diagram would be so chock-full of details
that it would be difficult to follow any one line of details you happened to be interested in at any
particular time. The narrowing of scope with the progression from PFD to loop diagram may be
visualized as a process of “zooming in,” as though one were viewing a process through the lens of
a microscope at different powers. First you begin with a PFD or P&ID to get an overview of the
process, to see how the major components interact. Then, once you have identified which instrument
“loop” you need to investigate, you go to the appropriate loop diagram to see the interconnection
details of that instrument system so you know where to connect your test equipment and what
signals you expect to find when you do.

Another analogy for this progression of documents is a map, or more precisely, a globe, an
atlas, and a city street map. The globe gives you the “big picture” of the Earth, countries, and
major cities. An atlas allows you to “zoom in” to see details of particular provinces, states, and
principalities, and the routes of travel connecting them all. A city map shows you major and minor
roads, canals, alleyways, and perhaps even some addresses in order for you to find your way to a
particular destination. It would be impractical to have a globe large enough to show you all the
details of every city! Furthermore, a globe comprehensive enough to show you all these details
would have to be updated very frequently to keep up with all cities’ road changes. There is a certain
economy inherent to the omission of fine details, both in ease of use and in ease of maintenance.
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6.1 Process Flow Diagrams

To show a practical process example, let’s examine three diagrams for a compressor control system.
In this fictitious process, water is being evaporated from a process solution under partial vacuum
(provided by the compressor). The compressor then transports the vapors to a “knockout drum”
where some of them condense into liquid form. As a typical PFD, this diagram shows the major
interconnections of process vessels and equipment, but omits details such as instrument signal lines
and auxiliary instruments:

o leog”

Knockout
drum

M Compressor @

x//@

Water

AP e

Evaporator

GV)\ : Condensate

Brine

Steam

One might guess the instrument interconnections based on the instruments’ labels. For instance,
a good guess would be that the level transmitter (LT) on the bottom of the knockout drum might
send the signal that eventually controls the level valve (LV) on the bottom of that same vessel. One
might also guess that the temperature transmitter (TT) on the top of the evaporator might be part
of the temperature control system that lets steam into the heating jacket of that vessel.

Based on this diagram alone, one would be hard-pressed to determine what control system, if
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any, controls the compressor itself. All the PFD shows relating directly to the compressor is a flow
transmitter (FT) on the suction line. This level of uncertainty is perfectly acceptable for a PFD,
because its purpose is merely to show the general flow of the process itself, and only a bare minimum
of control instrumentation.
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6.2 Process and Instrument Diagrams

The next level of detail is the Process and Instrument Diagram!, or P&ID. Here, we see a “zooming
in” of scope from the whole evaporator process to the compressor as a unit. The evaporator and
knockout vessels almost fade into the background, with their associated instruments absent from
view:

\ Knockout
drum

M Compressor

N,

Evaporator

TIMIR
41 /\43

N

Now we see there is more instrumentation associated with the compressor than just a flow
transmitter. There is also a differential pressure transmitter (PDT), a flow indicating controller
(FIC), and a “recycle” control valve that allows some of the vapor coming out of the compressor’s
discharge line to go back around into the compressor’s suction line. Additionally, we have a pair
of temperature transmitters that report suction and discharge line temperatures to an indicating
recorder.

Some other noteworthy details emerge in the P&ID as well. We see that the flow transmitter, flow

1Sometimes P&ID stands for Piping and Instrument Diagram. Either way, it means the same thing.
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controller, pressure transmitter, and flow valve all bear a common number: 42. This common “loop
number” indicates these four instruments are all part of the same control system. An instrument
with any other loop number is part of a different control system, measuring and/or controlling some
other function in the process. Examples of this include the two temperature transmitters and their
respective recorders, bearing the loop numbers 41 and 43.

Please note the differences in the instrument “bubbles” as shown on this P&ID. Some of the
bubbles are just open circles, where others have lines going through the middle. Each of these
symbols has meaning according to the ISA (Instrumentation, Systems, and Automation society)
standard:

Panel-mounted Panel-mounted
Field-mounted (main control room) (auxiliary location)
Front of panel Front of panel
Rear of panel Rear of panel

The type of “bubble” used for each instrument tells us something about its location. This,
obviously, is quite important when working in a facility with many thousands of instruments scattered
over acres of facility area, structures, and buildings.

The rectangular box enclosing both temperature recorders shows they are part of the same
physical instrument. In other words, this indicates there is really only one temperature recorder
instrument, and that it plots both suction and discharge temperatures (most likely on the same
trend graph). This suggests that each bubble may not necessarily represent a discrete, physical
instrument, but rather an instrument function that may reside in a multi-function device.

Details we do not see on this P&ID include cable types, wire numbers, terminal blocks, junction
boxes, instrument calibration ranges, failure modes, power sources, and the like. To examine this
level of detail, we must go to the loop diagram we are interested in.
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6.3 Loop diagrams
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Finally, we arrive at the loop diagram (sometimes called a loop sheet) for the compressor surge
control system (loop number 42):

Loop Diagram: Compressor surge control

| Date: April 1, 2003

Field process area ';ia?rllgl Panel rear Panel front
[3B7] [3B7] Red 7
* Red 130 |caiaa |0 |1 Cees T 1 @
---------------------- --f/Y18 r--A--1---A-11 SRR bbbl el 24 Q_Zj
4-20mA CBL21 @ — PR1 — : Red Blk | — | *
---------------------- -=XA19 -1 1ss1or12 -- pooo------of------43
Blk T Blk — T : CBL26 I
tfol 3 |t R P 4 | [o1500SCAM
= — __Redr
' P i 60 Hz | 15 |
420mA —— ! Red — b | 6
- 11 % _____ s RN _> Y i |- |
Compressor . -E 5 _____ F’_R_Z _ _5— # ! | i----.:
cpL22 1 [—| Bk | ! L2]---
=413 |+ 6 ! — 1
— — ! Griia
AS 20 PSI | i Do
Rd | Al e L ' o
oL Q EAREI ES 120VAC
BT A ?',“‘g.;' 18 60 Hz
f 0-1500 SCFM LoJ16 k- =49
Tag number Description Input cal. Output cal. Notes
FE 42 Venturi tube 0-1500 SCFM 0-100 "WC
FT 42 Suction flow transmitter 0-100 "WC 4-20 mA
FY 42a Square root extractor 4-20 mA 4-20 mA
FY 42b Current-to-pressure converter 4-20 mA 3-15 PSI
FV 42 Anti-surge control valve 3-15 PSI 100%-0% Air-to-close
PDT 42 Differential pressure transmitter 0-200 PSI 20-4 mA Reverse action
FIC 42 Anti-surge controller 4-20 mA 4-20 mA

Here we see that the P&ID didn’t show us all the instruments in this control “loop.” Not only do
we have two transmitters, a controller, and a valve; we also have two signal transducers. Transducer
42a modifies the flow transmitter’s signal before it goes into the controller, and transducer 42b
converts the electronic 4 to 20 mA signal into a pneumatic 3 to 15 PSI air pressure signal. Each
instrument “bubble” in a loop diagram represents an individual device, with its own terminals for
connecting wires.

Note that dashed lines now represent individual copper wires instead of whole cables. Terminal
blocks where these wires connect to are represented by squares with numbers in them. Cable
numbers, wire colors, junction block numbers, panel identification, and even grounding points are
all shown in loop diagrams. The only type of diagram at a lower level of abstraction than a loop
diagram would be an electronic schematic diagram for an individual instrument, which of course
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would only show details pertaining to that one instrument. Thus, the loop diagram is the most
detailed form of diagram for a control system as a whole, and thus it must contain all details
omitted by PFDs and P&IDs alike.

To the novice it may seem excessive to include such trivia as wire colors in a loop diagram. To
the experienced instrument technician who has had to work on systems lacking such documented
detail, this information is highly valued. The more detail you put into a loop diagram, the easier
it makes the inevitable job of maintaining that system at some later date. When a loop diagram
shows you exactly what wire color to expect at exactly what point in an instrumentation system,
and exactly what terminal that wire should connect to, it becomes much easier to proceed with any
troubleshooting, calibration, or upgrade task.

An interesting detail seen on this loop diagram is an entry specifying “input calibration” and
“output calibration” for each and every instrument in the system. This is actually a very important
concept to keep in mind when troubleshooting a complex instrumentation system: every instrument
has at least one input and at least one output, with some sort of mathematical relationship between
the two. Diagnosing where a problem lies within a measurement or control system often reduces
to testing various instruments to see if their output responses appropriately match their input
conditions.

For example, one way to test the flow transmitter in this system would be to subject it to a
number of different pressures within its range (specified in the diagram as 0 to 100 inches of water
column differential) and seeing whether or not the current signal output by the transmitter was
consistently proportional to the applied pressure (e.g. 4 mA at 0 inches pressure, 20 mA at 100
inches pressure, 12 mA at 50 inches pressure, etc.).

Given the fact that a calibration error or malfunction in any one of these instruments can cause
a problem for the control system as a whole, it is nice to know there is a way to determine which
instrument is to blame and which instruments are not. This general principle holds true regardless
of the instrument’s type or technology. You can use the same input-versus-output test procedure to
verify the proper operation of a pneumatic (3 to 15 PSI) level transmitter or an analog electronic
(4 to 20 mA) flow transmitter or a digital (fieldbus) temperature transmitter alike. Each and every
instrument has an input and an output, and there is always a predictable (and testable) correlation
from one to the other.



6.3. LOOP DIAGRAMS 189

Another interesting detail seen on this loop diagram is the action of each instrument. You will
notice a box and arrow (pointing either up or down) next to each instrument bubble. An “up” arrow
(1) represents a direct-acting instrument: one whose output signal increases as the input stimulus
increases. A “down” arrow (|) represents a reverse-acting instrument: one whose output signal
decreases as the input stimulus increases. All the instruments in this loop are direct-acting with the
exception of the pressure differential transmitter PDT-42:

¢ 0-200 PSID

PDT \ *
42

Here, the “down” arrow tells us the transmitter will output a full-range signal (20 mA) when it
senses zero differential pressure, and a 0% signal (4 mA) when sensing a full 200 PSI differential.
While this calibration may seem confusing and unwarranted, it serves a definite purpose in this
particular control system. Since the transmitter’s current signal decreases as pressure increases, and
the controller must be correspondingly configured, a decreasing current signal will be interpreted
by the controller as a high differential pressure. If any wire connection fails in the 4-20 mA current
loop for that transmitter, the resulting 0 mA signal will be naturally “seen” by the controller as
a pressure over-range condition. This is considered dangerous in a compressor system because it
predicts a condition of surge. Thus, the controller will naturally take action to prevent surge by
commanding the anti-surge control valve to open, because it “thinks” the compressor is about to
surge. In other words, the transmitter is intentionally calibrated to be reverse-acting such that any
break in the signal wiring will naturally bring the system to its safest condition.
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6.4 SAMA diagrams

SAMA is an acronym standing for Scientific Apparatus Makers Association, referring to a unique
form of diagram used primary in the power generation industry to document control strategies.
These diagrams focus on the flow of information within a control system rather than on the process
piping or instrument interconnections (wires, tubes, etc.). The general flow of a SAMA diagram is
top-to-bottom, with the process sensing instrument (transmitter) located at the top and the final
control element (valve or variable-speed motor) located at the bottom. No attempt is made to
arrange symbols in a SAMA diagram to correlate with actual equipment layout: these diagrams are
all about the algorithms used to make control decisions, and nothing more.

A sample SAMA diagram appears here, showing a flow transmitter (FT) sending a process
variable signal to a PID controller, which then sends a manipulated variable signal to a flow control
valve (FCV):

Flow transmitter

PID controller

Y
FCv Flow control valve
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A cascaded control system, where the output of one controller acts as the setpoint for another
controller to follow, appears in SAMA diagram form like this:

Level Flow transmitter
transmitter

PID controller

PlI|D P D

Y
FCV Flow control valve

In this case, the primary controller senses the level in a vessel, commanding the secondary (flow)
controller to maintain the necessary amount of flow either in or out of the vessel as needed to
maintain level at some setpoint.
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SAMA diagrams may show varying degrees of detail about the control strategies they document.
For example, you may see the auto/manual controls represented as separate entities in a SAMA
diagram, apart from the basic PID controller function. In the following example, we see a transfer
block (T) and two manual adjustment blocks (A) providing a human operator the ability to
separately adjust the controller’s setpoint and output (manipulated) variables, and to transfer
between automatic and manual modes:

Flow transmitter

>

PID controller

EXTX

FCVv Flow control valve
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Rectangular blocks such as the A, P, I, and D shown in this diagram represent automatic
functions. Diamond-shaped blocks such as the A and T blocks are manual functions which must
be set by a human operator. Showing even more detail, the following SAMA diagram indicates the
presence of setpoint tracking in the controller algorithm, a feature that forces the setpoint value to
equal the process variable value any time the controller is in manual mode:

FT Flow transmitter

-
<

>

&

PID controller

SRR

FCv Flow control valve

Here we see a new type of line: dashed instead of solid. This too has meaning in the world
of SAMA diagrams. Solid lines represent analog (continuously variable) signals such as process
variable, setpoint, and manipulated variable. Dashed lines represent discrete (on/off) signal paths,
in this case the auto/manual state of the controller commanding the PID algorithm to get its setpoint
either from the operator’s input (A) or from the process variable input (the flow transmitter: FT).

6.5 Instrument and process equipment symbols
This section shows some of the many instrument symbols included in the ISA 5.1 standard. These

symbols find application in Process Flow Diagrams (PFDs), Process and Instrument Diagrams
(P&IDs), and loop diagrams alike.
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6.5.1 Line types

Process flow line

Pneumatic signal
(continuous)

ﬁH;

Electric signal
(continuous)

Mechanical link
—o——0—
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Instrument supply

Oor process connection

(impulse line)

Pneumatic signal
(discrete -- on/off)

et

Electric signal
(discrete -- on/off)

___\ _____ \___

Radio link
NN

Waveguide
A A —

Capillary tube

Data link
(system internal)

Sonic or other wave
[\ [\

Undefined
—F—r—

Hydraulic signal

Data link
(between systems)

6.5.2 Process/Instrument line connections

Generic Threaded Socket welded
Flanged Heat/cool traced (direct) Welded

| |
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6.5.3 Instrument bubbles

Main control panel Main control panel Auxiliary control panel  Auxiliary control panel

Field mounted front-mounted rear-mounted front-mounted rear-mounted
Discrete
instruments
Shared /\ /\ C_) /\ C-)
instruments \ / \ / \ / ('y
Computer
function

I
- & o &

U
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6.5.4 Process valve types

Valve
(generic) Globe valve Butterfly valve Ball valve
G | Saund | Pl | Characterized
ate valve aunders valve ug valve ball valve

I S

Pneumatic pinch valve

Diaphragm valve Angle valve  Three-way valve

A\

Pressure regulator

Pressure relief

Check valve or safety valve
(generic) -
. Ball check valve X

N~

i

™ —O0—
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6.5.5 Valve actuator types

Diaphragm Electric motor Solenoid Piston

S
Electric motor

Diaphragm w/ hand jack

w/ hand jack Electro-hydraulic

Hand (manual) Ly

ISP
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6.5.6 Valve failure mode

Fail open Fail closed
(or) i (or)
FO FC
Fail locked Fail indeterminate
(or) -
FL
Fail last/drift open Fail last/drift closed
(or) é (or)
FL/DO FL/DC
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6.5.7 Flow measurement devices (flowing left-to-right)

Orifice plate Pitot tube Averging pitot tubes
1 1| ] ﬁ
'l Il
Flume Weir Turbine Target
—
Positive displacement Vortex Coriolis

Q Rotameter

O O

SOF O

Ultrasonic Magnetic
~ ~ M
Flow nozzle Venturi

Y 9
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6.5.8 Process equipment

Pressure vessels Centrifugal Positive-displacement
P pump pump
1) = A4
N
Dual-stage Rotary
Single-stage reciprocating screw Motor-driven fan
reciprocating compressor compressor
compressor Q & C\ /)_
M
O — O O
Motor-driven
axial compressor Turbogenerator Turbocompressor
M G Compressor %
Mixer Ehetll-antl?l]-tube Jacketed vessel
eat exchanger
Conveyor belt 9 —
M @) @)

L _
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6.5.9 SAMA diagram symbols

PID controllers Pl controller D-PI controller PD-I controller

A A A D P|D
Pl1|D| K| |% P|I AN /\

Pl I

) Characterized
Manual adjust Manual transfer Control valve control valve

& e

Automatic Manual Control valve ]
function function w/ positioner Indicator
[ 1
< D FCV @
Transmitter Time delay  gymmer Square root Characterizer
t 2 v f(x)
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Chapter 7

Instrument connections

All instruments connect to their respective processes and to each other by means of pipe, tube, and/or
wires. Improper installation of these connective lines can make the difference between success or
failure in an installation. Safety is also impacted by improper connections between instruments and
the process, and from instrument to instrument.

7.1 Pipe and pipe fittings

Pipe is a hollow structure designed to provide an enclosed pathway for fluids to flow, usually
manufactured from cast metal (although plastic is a common pipe material for many industrial
applications). This section discusses some of the more common methods for joining pipes together
(and joining pipe ends to equipment such as pressure instruments).

203
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7.1.1 Flanged pipe fittings

In the United States of America, most large industrial pipes are joined together by flanges. A pipe
“flange” is a ring of metal, usually welded to the end of a pipe, with holes drilled in it parallel to
the pipe centerline to accept several bolts:

Side view End view

/

— Flange

Two flanged pipes
joined together

Flange joints are made pressure-tight by inserting a donut-shaped gasket between the flange pairs
prior to tightening the bolts. A common method of installing such a flange gasket is to first install
only half of the bolts (in the holes lower than the centerline of the pipe), drop the gasket between
the flanges, then insert the rest of the bolts:

(All views shown end-wise)

Step 1: Step 2: Step 3:
Insert lower bolts Insert gasket Insert upper bolts
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7.1.2 Tapered thread pipe fittings

For smaller pipe sizes, threaded fittings are more commonly used to create connections between pipes
and between pipes and equipment (including some instruments). A very common design of threaded
pipe fitting is the tapered pipe thread design. The intent of a tapered thread is to allow the pipe
and fitting to “wedge” together when engaged, creating a joint that is both mechanically rugged
and leak-free.

When male and female tapered pie threads are first engaged, they form a loose junction:

Threads loosely engaged

After tightening, however, the tapered profile of the threads acts to wedge both male and female
pieces tightly together as such:

Threads fully engaged -- pressure-tight seal established

Several different standards exist for tapered-thread pipe fittings. For each standard, the angle of
the thread is fixed, as is the angle of taper. Thread pitch (the number of threads per unit length)
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varies with the diameter of the pipe fitting®.

In the United States, the most common tapered thread standard for general-purpose piping is
the NPT, or National Pipe Taper design. NPT threads have an angle of 60° and a taper of 1° 47’
(1.7833°):

NPT -- National Pipe Tapered Open end of pipe

60°

NPT pipe threads must have some form of sealant applied prior to assembly to ensure pressure-
tight sealing between the threads. Teflon tape and various liquid pipe “dope” compounds work well
for this purpose. Sealants are necessary with NPT threads for two reasons: to lubricate the male
and female pieces (to guard against galling the metal surfaces), and also to fill the spiral gap formed
between the root of the female thread and the crest of the male thread (and visa-versa).

NPTF (National Pipe Thread) pipe threads are engineered with the same thread angle and pitch
as NPT threads, but carefully machined to avoid the spiral leak path inherent to NPT threads.
This design — at least in theory — avoids the need to use sealant with NPTF threads to achieve
a pressure-tight seal between male and female pieces, which is why NPTF threads are commonly
referred to as dryseal. However, in practice it is still recommended that some form of sealant be
used (or at the very least some form of thread lubricant) in order to achieve reliable sealing.

ANPT (Aeronautical National Pipe Tapered) is identical to NPT, except with a greater level of
precision and quality for its intended use in aerospace and military applications.

1For example, 1/8 inch NPT pipe fittings have a thread pitch of 27 threads per inch. 1/4 inch and 3/8 inch NPT
fittings are 18 threads per inch, 1/2 inch and 3/4 inch NPT fittings are 14 threads per inch, and 1 inch through 2
inch NPT fittings are 11.5 threads per inch.
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Another tapered-thread standard is the BSPT, or British Standard Pipe Tapered. BSPT threads
have a narrower thread angle than NPT threads (55° instead of 60°) but the same taper of 1° 47’
(1.7833°):

$ BSPT -- British Standard Pipe Tapered Open end of pipe

55°
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7.1.3 Parallel thread pipe fittings

An alternative to tapered threads in pipe joints is the use of parallel threads, similar to the threads
of machine screws and bolts. Since parallel threads are incapable of forming a pressure-tight seal
on their own, the sealing action of a parallel thread pipe fitting must be achieved some other way.
This function is usually met with an O-ring or gasket.

In the United States, a common design of parallel-thread pipe fitting is the SAFE straight thread,
named after the Society of Automotive Engineers:

O-ring

S SAE straight thread Open end of pipe

55°

Sealing is accomplished as the O-ring is compressed against the shoulder of the female fitting.
The threads serve only to provide force (not fluid sealing), much like the threads of a fastener.

Another parallel-thread pipe standard is the BSPP, or British Standard Pipe Parallel. Like the
BSPT (tapered) standard, the thread angle of BSPP is 55°. Like the SAE parallel-thread standard,
sealing is accomplished by means of an O-ring which compresses against the shoulder of the matching
female fitting:

O-ring

BSPP -- British Standard Parallel Pipe Open end of pipe
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7.1.4 Sanitary pipe fittings

Food processing, pharmaceuticals manufacturing, and biological research processes are naturally
sensitive to the presence of micro-organisms such as bacteria, fungi, and algae. It is important in
these processes to ensure the absence of harmful micro-organisms, for reasons of both human health
and quality control. For this reason, the process piping and vessels in these industries is designed
first and foremost to be thoroughly cleaned without the need for disassembly. Regular cleaning and
sterilization cycles are planned and executed between production schedules (batches) to ensure no
colonies of harmful micro-organisms can grow.

A common Clean-In-Place (CIP) protocol consists of flushing all process piping and vessels with
alternating acid and caustic solutions, then washing with purified water. For increased sanitization,
a Steam-In-Place (SIP) cycle may be incorporated as well, flushing all process pipes and vessels with
hot steam to ensure the destruction of any micro-organisms.

An important design feature of any sanitary process is the elimination of any “dead ends” (often
called dead legs in the industry), crevices, or voids where fluid may collect and stagnate. This includes
any instruments contacting the process fluids. It would be unsafe, for example, to connect something
as simple as a bourdon-tube pressure gauge to a pipe carrying biologically sensitive fluid(s), since
the interior volume of the bourdon tube will act as a stagnant refuge for colonies of micro-organisms
to grow:

Bourdon tube
pressure gauge

Bourdon
tube

Pinion gear

Sector gear

Pointer

Pipe

(process fluid)
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Instead, any pressure gauge must use an isolating diaphragm, where the process fluid pressure
is transferred to the gauge mechanism through a sterile “fill fluid” that never contacts the process

fluid:
Bourdon tube
pressure gauge
with isolating diaphragm

Bourdon
tube

Sector gea

Fill fluid

Pinion gear

Pointer

—«— Isolating diaphragm

Pipe

(process fluid)

With the isolating diaphragm in place, there are no stagnant places for process fluid to collect

and avoid flushing by CIP or SIP cycles.
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Standard pipe fittings are problematic in sanitary systems, as tiny voids between the mating
threads of male and female pipe fittings may provide refuge for micro-organisms. To avoid this
problem, special sanitary fittings are used instead. These fittings consist of a matched pair of
flanges, held together by an external clamp. An array of sanitary fittings on an instrument test
bench appear in the following photograph:

The next photograph shows the installation of a pressure transmitter on an ultra-pure water line
using one of these sanitary fittings. The external clamp holding the two flanges together is clearly
visible in this photograph:
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Sanitary pipe fittings are not limited to instrument connections, either. Here are two photographs
of process equipment (a ball valve on the left, and a pump on the right) connected to process pipes
using sanitary fittings:
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7.2 Tube and tube fittings

Tube, like pipe, is a hollow structure designed to provide an enclosed pathway for fluids to flow. In
the case of tubing, it is usually manufactured from rolled or extruded metal (although plastic is a
common tube material for many industrial applications). This section discusses some of the more
common methods for joining tubes together (and joining tube ends to equipment such as pressure
instruments).

One of the fundamental differences between tube and pipe is that tube is never threaded at the
end to form a connection. Instead, a device called a tube fitting must be used to couple a section of
tube to another tube, or to a section of pipe, or to a piece of equipment (such as an instrument).
Unlike pipes which are thick-walled by nature, tubes are thin-walled structures. The wall thickness
of a typical tube is simply too thin to support threads.

Tubes are generally favored over pipe for small-diameter applications. The ability for skilled
workers to readily cut and bend tube with simple hand tools makes it the preferred choice for
connecting instruments to process piping. When used as the connecting units between an instrument
and a process pipe or vessel, the tube is commonly referred to as an impulse tube or impulse line?.

2Impulse lines are alternatively called gauge lines or sensing lines.



214 CHAPTER 7. INSTRUMENT CONNECTIONS

7.2.1 Compression tube fittings

By far the most common type of tube fitting for instrument impulse lines is the compression-style
fitting, which uses a compressible ferrule to perform the task of sealing fluid pressure. The essential
components of a compression tube fitting are the body, the ferrule, and the nut. The ferrule and
body parts have matching conical profiles designed to tightly fit together, forming a pressure-tight
metal-to-metal seal. Some compression fitting designs use a two-piece ferrule assembly, such as this
tube fitting shown here® (prior to full assembly):

Just prior to assembly, we see how the nut will cover the ferrule components and push them into
the conical entrance of the fitting body:

___4_,;..."'— : Fravemm I- N

‘gl el e AHRARA

After properly tightening the nut, the ferrule(s) will compress onto the outside circumference of
the tube, slightly crimping the tube in the process and thereby locking the ferrules in place:

3This happens to be a Swagelok brass instrument tube fitting being installed on a 3/8 inch copper tube.
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When assembling compression-style tube fittings, you should always precisely follow the
manufacturer’s instructions to ensure correct compression. For Swagelok-brand instrument tube
fittings 1 inch in size and smaller, the general procedure is to tighten the nut 1-1/4 turns past finger-
tight. Insufficient turning of the nut will fail to properly compress the ferrule around the tube, and
excessive turning will over-compress the ferrule, resulting in leakage. Swagelok also provides special
gauges which may be used to measure proper ferrule compression during the assembly process.

Parker is another major manufacturer? of instrument tube fittings, and their product line uses
a single-piece ferrule instead of the two-piece design preferred by Swagelok. Like Swagelok fittings,
Parker instrument fitting sized 1/4 inch to 1 inch require 1-1/4 turns past hand tight to properly
compress the ferrule around the circumference of the tube. Parker also sells gauges which may be
used to precisely determine when the proper amount of ferrule compression is achieved.

Regardless of the brand, compression-style instrument tube fittings are incredibly strong and
versatile. Unlike pipe fittings, tube fittings may be disconnected and reconnected with ease. No
special procedures are required to “re-make” a disassembled instrument fitting connection: merely
tighten the nut “snug” to maintain adequate force holding the ferrule to the fitting body, but not
so tight that the ferrule compresses further around the tube than it did during initial assembly.

A very graphic illustration of the strength of a typical instrument tube fitting is shown in the
following photograph, where a short section of 3/8 inch stainless steel instrument tube was exposed
to high liquid pressure until it ruptured. Neither compression fitting on either side of the tube leaked
during the test, despite the liquid pressure reaching a peak of 23,000 PSI before rupturing the tube’:

480 is Gyrolok, Hoke, and a host of others. It is not my intent to advertise for different manufacturers in this
textbook, but merely to point out some of the more common brands an industrial instrument technician might
encounter on the job.

5Tt should be noted that the fitting nuts became seized onto the tube due to the tube’s swelling. The tube fittings
may not have leaked during the test, but their constituent components should never be placed into service again!



216 CHAPTER 7. INSTRUMENT CONNECTIONS

7.2.2 Common tube fitting types and names

Tube fittings designed to connect a tube to pipe threads are called connectors. Tube fittings designed
to connect one tube to another are called unions:

Male connector Female connector Union
Tube Tube Tube
Pipe (male) Pipe (female) Tube

If a tube union joins together different tube sizes rather than tubes of the same size, it is called
a reducing union.

A variation on the theme of tube connectors and unions is the bulkhead fitting. Bulkhead fittings
are designed to fit through holes drilled in panels or enclosures to provide a way for a fluid line to
pass through the wall of the panel or enclosure. In essence, the only difference between a bulkhead
fitting and a normal fitting is the additional length of the fitting “barrel” and a special nut used
to lock the fitting into place in the hole. The following illustration shows three types of bulkhead
fittings:

Bulkhead male Bulkhead female Bulkhead union
Tube Tube Tube

Nut

Pipe (male) Pipe (female) Tube
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Tubing elbows are tube connectors with a bend. These are useful for making turns in tube runs
without having to bend the tubing itself. Like standard connectors, they may terminate in male
pipe thread, female pipe threads, or in another tube end:

Male elbow Female elbow Union elbow
Tube Tube Tube

Pipe (male) Pipe (female) Tube

These elbows shown in the above illustration are all 90°, but this is not the only angle available.
45° elbows are also common.

Tee fittings join three fluid lines together. Tees may have one pipe end and two tube ends (branch
tees and run tees), or three tube ends (union tees). The only difference between a branch tee and
a run tee is the orientation of the pipe end with regard to the two tube ends:

Male branch tee Male run tee Union tee

Tube Tube Tube Tube Tube

Tube

Pipe (male)
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Of course, branch and run tee fittings also come in female pipe thread versions as well. A
variation of the theme of union tees is the cross, joining four tubes together:

Cross

Special tube fittings are made to terminate tube connections, so they are sealed up instead of
open. A piece designed to seal off the open end of a tube fitting is called a plug, while a piece
designed to seal off the end of an open tube is called a cap:

Cap Plug

Tube
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7.2.3 Bending instrument tubing

Tube bending is something of an art, especially when done with stainless steel tubing. It is truly
magnificent to see a professionally-crafted array of stainless steel instrument tubes, all bends perfectly
made, all terminations square, all tubes parallel when laid side by side and perfectly perpendicular
when crossing.

If possible, a goal in tube bending is to eliminate as many connections as possible. Connections
invite leaks, and leaks are problematic. Long runs of instrument tubing made from standard 20 foot
tube sections, however, require junctions be made somewhere, usually in the form of tube unions.
When multiple tube unions must be placed in parallel tube runs, it is advisable to offset the unions
so it is easier to get a wrench around the tube nuts to turn them. The philosophy here, as always, is
to build the tubing system with future work in mind. A photograph of several tube junctions shows
one way to do this:
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7.3 Electrical signal and control wiring

There is much to be said for neatness of assembly in electrical signal wiring. Even though the
electrons don’t “care” how neatly the wires are laid in place, human beings who must maintain the
system certainly do. Not only are neat installations easier to navigate and troubleshoot, but they
tend to inspire a similar standard of neatness when alterations are made®.

The following photographs illustrate excellent wiring practice. Study them carefully, and strive
to emulate the same level of professionalism in your own work!

Here we see 120 volt AC power distribution wiring. Note how the hoop-shaped “jumper” wires
are all cut to (nearly) the same length, and how each of the wire labels is oriented such that the
printing is easy to read:

6No one wants to become known as the person who “messed up” someone else’s neat wiring job!
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This next photograph shows a great way to terminate multi-conductor signal cable to terminal
blocks. Each of the pairs was twisted together using a hand drill set to very slow speed. Note how
the end of the cable is wrapped in a short section of heat-shrink tubing for a neat appearance:
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Chapter 8

Discrete process measurement

The word “discrete” means individual or distinct. In engineering, a “discrete” variable or
measurement refers to a true-or-false condition. Thus, a discrete sensor is one that is only able
to indicate whether the measured variable is above or below a specified setpoint.

Discrete sensors typically take the form of switches, built to “trip” when the measured quantity
either exceeds or falls below a specified value. These devices are less sophisticated than so-called
continuous sensors capable of reporting an analog value, but they are quite useful in industry.

Many different types of discrete sensors exist, detecting variables such as position, fluid pressure,
material level, temperature, and fluid flow rate. The output of a discrete sensor is typically electrical
in nature, whether it be an active voltage signal or just resistive continuity between two terminals
on the device.
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8.1 “Normal” status of a switch

Perhaps the most confusing aspect of discrete sensors is the definition of a sensor’s normal status.
Electrical switch contacts are typically classified as either normally-open or normally-closed, referring
to the open or closed status of the contacts under “normal” conditions. But what exactly defines
“normal” for a switch? The answer is not complex, but it is often misunderstood.

The “normal” status for a switch is the status its electrical contacts are in under a condition of
minimum physical stimulus. For a momentary-contact pushbutton switch, this would be the status
of the switch contact when it is not being pressed. The “normal” status of any switch is the way
it is drawn in an electrical schematic. For instance, the following diagram shows a normally-open
pushbutton switch controlling a lamp on a 120 volt AC circuit (the “hot” and “neutral” poles of the
AC power source labeled L1 and L2, respectively):

Ly L,
Switch Lamp
L o
e pNTA

Normally-open contacts

We can tell this switch is a normally-open (NO) switch because it is drawn in an open position.
The lamp will energize only if someone presses the switch, holding its normally-open contacts in the
“closed” position. Normally-open switch contacts are sometimes referred to in the electrical industry
as form-A contacts.

If we had used a normally-closed pushbutton switch instead, the behavior would be exactly
opposite. The lamp would energize if the switch was left alone, but it would turn off if anyone
pressed the switch. Normally-closed switch contacts are sometimes referred to in the electrical
industry as form-B contacts. :

Ly L,
Switch Lamp

o O

Normally-closed contacts

This seems rather simple, don’t you think? What could possibly be confusing about the “normal”
status of a switch? The confusion becomes evident, though, when you consider the case of a different
kind of discrete sensor such as a flow switch.

A flow switch is built to detect fluid flow through a pipe. In a schematic diagram, the switch
symbol appears to be a toggle switch with a “flag” hanging below. The schematic diagram, of course,
only shows the circuitry and not the pipe where the switch is physically mounted:



8.1. “NORMAL” STATUS OF A SWITCH 225

A low coolant flow alarm circuit

Ly L,
Alarm
Flow switch lamp
. Y

This particular flow switch is used to trigger an alarm light if coolant flow through the pipe ever
falls to a dangerously low level, and the contacts are normally-closed as evidenced by the closed
status in the diagram. Here is where things get confusing: even though this switch is designated as
“normally-closed,” it will spend most of its lifetime being held in the open status by the presence of
adequate coolant flow through the pipe. Only when the flow through the pipe slows down enough
will this switch return to its “normal” status (remember, the condition of minimum stimulus?) and
conduct electrical power to the lamp. In other words, the “normal” status of this switch (closed) is
actually an abnormal status for the process it is sensing (low flow)!

Students often wonder why process switch contacts are labeled according to this convention of
“minimum stimulus” instead of according to the typical status of the process in which the switch
is used. The answer to this question is that the manufacturer of the sensor has no idea whatsoever
as to your intended use. The manufacturer of the switch does not know and does not care whether
you intend to use their flow switch as a low-flow alarm or as a high-flow alarm. In other words, the
manufacturer cannot predict what the typical status of your process will be, and so the definition
of “normal” status for the switch must be founded on some common criterion unrelated to your
particular application. That common criterion is the status of minimum stimulus: when the sensor
is exposed to the least amount of stimulation from the process it senses.

Here is a listing of “normal” definitions for various discrete sensor types:
e Hand switch: no one pressing the switch

e Limit switch: target not contacting the switch

e Proximity switch: target far away

e Pressure switch: low pressure (or even a vacuum)

e Level switch: low level (empty)

e Temperature switch: low temperature (cold)

e Flow switch: low flow rate (fluid stopped)

These are the conditions represented by the switch statuses shown in a schematic diagram.
These may very well not be the statuses of the switches when they are exposed to typical operating
conditions in the process.
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8.2 Hand switches

A hand switch is exactly what the name implies: an electrical switch actuated by a person’s hand
motion. These may take the form of toggle, pushbutton, rotary, pull-chain, etc. A common form of
industrial pushbutton switch looks something like this:

Button

e

Threaded neck
/

—~— Base
NC terminal @ & NC terminal
NO terminal @ & NO terminal

The threaded neck inserts through a hole cut into a metal or plastic panel, with a matching nut
to hold it in place. Thus, the button faces the human operator(s) while the switch contacts reside
on the other side of the panel.

When pressed, the downward motion of the actuator breaks the electrical bridge between the
two NC contacts, forming a new bridge between the NO contacts:

‘ Switch in the actuated
(pressed) state

NC terminal @—
NO terminal @—

—@ NC terminal
—Q NO terminal

The schematic diagram symbol for this type of switch looks much like the real thing, with the
normally-closed contact set on top and the normally-open contact set below:

el

—_ —
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8.3 Limit switches

Limit switch symbols

—\o— ———
Normally-open Normally-closed
(NO) (NC)

A limit switch detects the physical motion of an object by direct contact with that object.
An example of a limit switch is the switch detecting the open position of an automobile door,
automatically energizing the cabin light when the door opens.

Recall that the “normal” status of a switch is the condition of minimum stimulus. A limit switch
will be in its “normal” status when it is not in contact with anything (i.e. nothing touching the
switch actuator mechanism).

Limit switches find many uses in industry, particular in robotic control and CNC (Computer
Numerical Control) machine tool systems. In many motion-control systems, the moving elements
have “home” positions where the computer assigns a position value of zero. For example, the axis
controls on a CNC machine tool such as a lathe or mill all return to their “home” positions upon
start-up, so the computer can know with confidence the starting locations of each piece. These home
positions are detected by means of limit switches. The computer commands each servo motor to
travel fully in one direction until a limit switch on each axis trips. The position counter for each
axis resets to zero as soon as the respective limit switch detects that the home position has been
reached.

A typical limit switch design uses a roller-tipped lever to make contact with the moving part.
Screw terminals on the switch body provide connection points with the NC and NO contacts inside
the switch. Most limit switches of this design share a “common” terminal between the NC and NO
contacts like this:

Push lever down
to actuate Equivalent schematic

Com NC NO

‘Roller tip
= e

Com NC NO |
S & 9§ ~>

This switch contact arrangement is sometimes referred to as a form-C contact set, since it
incorporates both a form-A contact (normally-open) as well as a form-B contact (normally-closed).
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8.4 Proximity switches

A proximity switch is one detecting the proximity (closeness) of some object. By definition, these
switches are mon-contact sensors, using magnetic, electric, or optical means to sense the proximity
of objects.

Recall that the “normal” status of a switch is the condition of minimum stimulus. A proximity
switch will be in its “normal” status when it is distant from any actuating object.

Being non-contact in nature, proximity switches are often used instead of direct-contact limit
switches for the same purpose of detecting the position of a machine part, with the advantage of
never wearing out over time due to repeated physical contact. However, the greater complexity (and
cost) of a proximity switch over a mechanical limit switch relegates their use to applications where
lack of physical contact yields tangible benefits.

Most proximity switches are active in design. That is, they incorporate a powered electronic
circuit to sense the proximity of an object. Inductive proximity switches sense the presence of
metallic objects through the use of a high-frequency magnetic field. Capacitive proximity switches
sense the presence of non-metallic objects through the use of a high-frequency electric field. Optical
switches detect the interruption of a light beam by an object.

The schematic diagram symbol for a proximity switch with mechanical contacts is the same as
for a mechanical limit switch, except the switch symbol is enclosed by a diamond shape, indicating
a powered (active) device:

Proximity switch symbols

prox prox
—.\.— o0
Normally-open Normally-closed
(NO) (NC)

Many proximity switches, though, do not provide “dry contact” outputs. Instead, their output
elements are transistors configured either to source current or sink current. The terms “sourcing”
and “sinking” are best understood by visualizing electric current in the direction of conventional
flow rather than electron flow.
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The following schematic diagrams contrast the two modes of switch operation, using red arrows
to show the direction of current (conventional flow notation). In both examples, the load being
driven by each proximity switch is a light-emitting diode (LED):

"Sinking" output Current "sinks" down to
proximity switch ground through the switch

(?) 2avpc
Sensor
circuit ‘[*
I
"Sourcing" output Switch "sources" current
proximity switch out to the load device
| N
Sensor
circuit (D 24VDC

)
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These photographs show two different styles of electronic proximity switch:

The next photograph shows a proximity switch detecting the passing of teeth on a chain sprocket,
generating a slow square-wave electrical signal as the sprocket rotates. Such a switch may be used
as a rotational speed sensor (sprocket speed proportional to signal frequency) or as a broken chain
sensor (when sensing the rotation of the driven sprocket instead of the drive sprocket):

NETUSE FEELERGAUGE
NTRELRE 1S o

S R . A\ CAUTION

S R @ 00T RUN MACHIN T wiTH

ety e on smcrce < | COVERS OPEN

e e 55 * NIP-POINTS INSID [ *

| S 8 @ * HOT COMPONENTS IJ/SDE * - @
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8.5 Pressure switches

A pressure switch is one detecting the presence of fluid pressure. Pressure switches often use
diaphragms or bellows as the pressure-sensing element, the motion of which actuates one or more
switch contacts.

Recall that the “normal” status of a switch is the condition of minimum stimulus. A pressure
switch will be in its “normal” status when it senses minimum pressure (e.g. n applied pressure, or

in some cases a vacuum condition)!.

Pressure switch symbols
Normally-open Normally-closed
(NO) (NC)

The following photograph shows two pressure switches sensing the same fluid pressure as an
electronic pressure transmitter (the device on the far left):

1If the trip setting of a pressure switch is below atmospheric pressure, then it will be “actuated” at atmospheric
pressure and in its “normal” status only when the pressure falls below that trip point (i.e. a vacuum).
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A legacy design of pressure switch uses a bourdon tube as the pressure-sensing element, and a
glass bulb partially filled with mercury as the electrical switching element. When applied pressure
causes the bourdon tube to flex sufficiently, the glass bulb tilts far enough to cause the mercury
to fall against a pair of electrodes, thus completing an electrical circuit. A great many pressure
switches of this design were sold under the brand name of “Mercoid,” with a few appearing in this
photograph of a steam boiler (the round-shaped units with glass covers allowing inspection of the
bourdon tube and mercury tilt switch):

Cleaver: 1Brooks
L WATERTUBE BOILER

L b
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A close-up photograph of one of these pressure switches appears here. The bourdon tube is grey
in color, and almost as wide in diameter as the circular switch housing. The mercury tilt switch
bottles have yellow-colored plastic caps covering up their external electrical contacts:

The next set of photographs show a mercury tilt switch removed from the pressure switch
mechanism, so you may see the switch in two different states (contact open on the left, and closed
on the right):

Advantages of mercury tilt switches include immunity to switch contact degradation from harmful
atmospheres (oil mist, dirt, dust, corrosion) as well as safety in explosive atmospheres (since a spark



8.5. PRESSURE SWITCHES 235

contained within a hermetically sealed glass bulb cannot touch off an explosion in the surrounding
atmosphere). Disadvantages include the possibility of intermittent electrical contact resulting from
mechanical vibration, as well as sensitivity to mounting angle (i.e. you would not want to use this
kind of switch aboard a moving vehicle!).

A pressure switch manufactured by the Danfoss corporation appears in the next photograph.
This particular model of pressure switch has windows on the front cover allowing a technician to see
the pressure limit setting inside:

Darfost

40y
1 e

7742 21,7

This switch balances the force generated by a pressure-sensing element against a mechanical
spring. Tension on the spring may be adjusted by a technician, which means the trip point of this
switch is adjustable.

One of the settings on this switch is the dead-band or differential pressure setting, seen in the
lower window. This setting determines the amount of pressure change required to re-set the switch
to its normal state after it has tripped. For example, a high-pressure switch with a trip point of 67
PSI (changes state at 67 PSI, increasing) that re-sets back to its normal state at a pressure of 63
PSI decreasing has a “dead-band” or “differential” pressure setting of 4 PSI (67 PSI — 63 PSI = 4
PSI).
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The “differential” pressure setting of a gauge pressure switch is not to be confused with a true
differential pressure switch. In the next photograph, we see a pressure switch truly actuated by
differential pressure (the difference in fluid pressure sensed between two ports):

The electrical switch element is located underneath the blue cover, while the diaphragm pressure
element is located within the grey metal housing. The net force exerted on the diaphragm by the
two fluid pressures varies in magnitude and direction with the magnitude of those pressures. If
the two fluid pressures are precisely equal, the diaphragm experiences no net force (zero differential
pressure).

Like the Danfoss gauge pressure switch seen previously, this differential pressure switch has
a “trip” or “limit” setting as well as a “dead-band” or “differential” setting. It is important to
recognize and clearly distinguish the two meanings of differential pressure in the context of this
device. It senses differences in pressure between two input ports (“differential pressure” — the
difference between two different fluid pressure connections), but being a switch, it also exhibits some
dead band in its action (“differential pressure” — a change in pressure required to re-set the switch’s
state).



8.6. LEVEL SWITCHES 237

8.6 Level switches

A level switch is one detecting the level of liquid or solid (granules or powder) in a vessel. Level
switches often use floats as the level-sensing element, the motion of which actuates one or more

switch contacts.
Recall that the “normal” status of a switch is the condition of minimum stimulus. A level switch
will be in its “normal” status when it senses minimum level (e.g. an empty vessel).

Level switch symbols

Normally-open Normally-closed
(NO) (NC)

Two water level switches appear in this photograph of a steam boiler. The switches sense water
level in the steam drum of the boiler. Both water level switches are manufactured by the Magnetrol
corporation:

The switch mechanism is a mercury tilt bulb, tilted by a magnet’s attraction to a steel rod lifted
into position by a float. The float directly senses liquid level, which positions the steel rod either
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closer to or further away from the magnet. If the rod comes close enough to the magnet, the mercury
bottle will tilt and change the switch’s electrical status.

This level switch uses a metal tuning fork structure to detect the presence of a liquid or solid
(powder or granules) in a vessel:

An electronic circuit continuously excites the tuning fork, causing it to mechanically vibrate.
When the prongs of the fork contact anything with substantial mass, the resonant frequency of
the structure dramatically decreases. The circuit detects this change and indicates the presence
of material contacting the fork. The forks’ vibrating motion tends to shake off any accumulated
material, such that this style of level switch tends to be resistant to fouling.
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Yet another style of electronic level switch uses ultrasonic sound waves to detect the presence of
process material (either solid or liquid) at one point:

Sound waves pass back and forth within the gap of the probe, sent and received by piezoelectric
transducers. The presence of any substance other than gas within that gap affects the received audio
power, thus signaling to the electronic circuit within the bulkier portion of the device that process
level has reached the detection point. The lack of moving parts makes this probe quite reliable,
although it may become “fooled” by heavy fouling.
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Another electronic liquid level switch technology is capacitive: sensing level by changes in
electrical capacitance between the switch and the liquid. The following photograph shows a couple
of capacitive switches sensing the presence of water in a plastic storage vessel:
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8.7 Temperature switches

A temperature switch is one detecting the temperature of an object. Temperature switches often use
bimetallic strips as the pressure-sensing element, the motion of which actuates one or more switch
contacts.

Recall that the “normal” status of a switch is the condition of minimum stimulus. A temperature
switch will be in its “normal” status when it senses minimum temperature (i.e. cold, in some cases
a condition colder than ambient)?.

Temperature switch symbols
Normally-open Normally-closed
(NO) (NC)

2If the trip setting of a temperature switch is below ambient temperature, then it will be “actuated” at ambient
temperature and in its “normal” status only when the temperature falls below that trip point (i.e. colder than
ambient).
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The following photograph shows a temperature-actuated switch manufactured by the Ashcroft
corporation:
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8.8 Flow switches

A flow switch is one detecting the flow of some fluid through a pipe. Flow switches often use

“paddles” as the flow-sensing element, the motion of which actuates one or more switch contacts.
Recall that the “normal” status of a switch is the condition of minimum stimulus. A flow switch

will be in its “normal” status when it senses minimum flow (i.e. no fluid moving through the pipe).

Flow switch symbols
RS -
Normally-open Normally-closed
(NO) (NC)

A simple paddle placed in the midst of a fluid stream generates a mechanical force which may
be used to actuate a switch mechanism, as shown in the following photograph:
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Chapter 9

Discrete control elements

The word “discrete” means individual or distinct. In engineering, a “discrete” variable or
measurement refers to a true-or-false condition. Thus, a discrete control element is one that has but
a limited number of states (usually two: on and off).

245
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9.1 On/off valves

An on/off valve is the fluid equivalent of an electrical switch: a device that either allows unimpeded
flow or acts to prevent flow altogether. These valves are often used for routing process fluid to
different locations, starting and stopping batch processes, and engaging automated safety (shutdown)
functions.

Valve styles commonly used for on/off service include ball, plug, butterfly (or disk), gate, and
globe. Large on/off valves are generally of such a design that the full-open position provides a
nearly unimpeded path for fluid to travel through. Ball, plug', and gate valves provide just this
characteristic:

Ball valve Butterfly valve

mp e / ol

Gate valve

Diaphragm valve

LA plug valve is very much like a ball valve, the difference being the shape of the rotating element. Rather than a
spherical ball, the plug valve uses a truncated cone as the rotary element, a slot cut through the cone serving as the
passageway for fluid. The conical shape of a plug valve’s rotating element allows it to wedge tightly into the “closed”
(shut) position for exceptional sealing.
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Chapter 10

Analog electronic instrumentation

An “analog” electronic signal is a voltage or current whose magnitude represents some physical
measurement or control quantity. An instrument is often classified as being “analog” simply by virtue
of using an analog signal standard to communicate information, even if the internal construction and
design of the instrument may be mostly digital in nature. This is to distinguish such instruments
from those making use of no analog electronic signals at all (e.g. wireless or Fieldbus instruments).

10.1 4 to 20 mA analog current signals

The most popular form of signal transmission used in modern industrial instrumentation systems
(as of this writing) is the 4 to 20 milliamp DC standard. This is an analog signal standard, meaning
that the electric current is used to proportionately represent measurements or command signals.
Typically, a 4 milliamp current value represents 0% of scale, a 20 milliamp current value represents
100% of scale, and any current value in between 4 and 20 milliamps represents a commensurate
percentage in between 0% and 100%.

249



250 CHAPTER 10. ANALOG ELECTRONIC INSTRUMENTATION

For example, if we were to calibrate a 4-20 mA temperature transmitter for a measurement range
of 50 to 250 degrees C, we could relate the current and measured temperature values on a graph like
this:
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DC current signal (mA)

This is not unlike the pneumatic instrument signal standard or 3 to 15 pounds per square
inch (PSI), where a varying air pressure signal represents some process measurement in an analog
(proportional) fashion.

DC current signals are also used in control systems to command the positioning of a final control
element, such as a control valve or a variable-speed motor drive (VSD). In these cases, the milliamp
value does not directly represent a process measurement, but rather how the degree to which the
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final control element influences the process. Typically (but not always!), 4 milliamps commands a
closed (shut) control valve or a stopped motor, while 20 milliamps commands a wide-open valve or
a motor running at full speed.

Thus, most industrial control systems use at least two different 4-20 mA signals: one to represent
the process variable (PV) and one to represent the command signal to the final control element (the
“manipulated variable” or MV):

Decides

4-20 mA
MV signal

4-20 mA
PV signal

Senses Influences

The relationship between these two signals depends entirely on the response of the controller.
There is no reason to ever expect the two current signals to be equal, for they represent entirely
different things. In fact, if the controller is reverse-acting, it is entirely normal for the two current
signals to be inversely related: as the PV signal increases going to a reverse-acting controller, the
output signal will decrease. If the controller is placed into “manual” mode by a human operator,
the output signal will have no automatic relation to the PV signal at all, instead being entirely
determined by the operator’s whim.
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10.2 Relating 4 to 20 mA signals to instrument variables

Calculating the equivalent milliamp value for any given percentage of signal range is quite easy.
Given the linear relationship between signal percentage and milliamps, the equation takes the form
of the standard slope-intercept line equation y = max + b. Here, y is the equivalent current in
milliamps, « is the desired percentage of signal, m is the span of the 4-20 mA range (16 mA), and
b is the offset value, or the “live zero” of 4 mA:

current = (16 mA) ( ) + (4 mA)

x
100%

This equation form is identical to the one used to calculate pneumatic instrument signal pressures
(the 3 to 15 PSI standard):

pressure = (12 PSI) ( ) + (3 PSI)

100%

The same mathematical relationship holds for any linear measurement range. Given a percentage
of range x, the measured variable is equal to:

X
100%

measured variable = (Span) ( ) + (LRV)

Some practical examples of calculations between milliamp current values and process variable
values follow:
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10.2.1 Example calculation: controller output to valve

An electronic loop controller outputs a signal of 8.55 mA to a direct-responding control valve (where
4 mA is shut and 20 mA is wide open). How far open should the control valve be at this MV signal
level?

We must convert the milliamp signal value into a percentage of valve travel. This means
determining the percentage value of the 8.55 mA signal on the 4-20 mA range. First, we need
to manipulate the percentage-milliamp formula to solve for percentage (x):

x
(16 mA) (100%) + (4 mA) = current
(16 mA) (1098%) = current — (4 mA)
r  current — (4 mA)
100% (16 mA)
[ current — (4 mA)
B ( (16 mA) ) 100%

Next, we plug in the 8.55 mA signal value and solve for z:

_ (855 mA — (4 mA)
N ( (16 mA)

) 100%

z = 28.4%
Therefore, the control valve should be 28.4 % open when the MV signal is at a value of 8.55 mA.

10.2.2 Example calculation: flow transmitter

A flow transmitter is ranged 0 to 350 gallons per minute, 4-20 mA output, direct-responding.
Calculate the current signal value at a flow rate of 204 GPM.

First, we convert the flow value of 204 GPM into a percentage of range. This is a simple matter
of division, since the flow measurement range is zero-based:

204 GPM

350 GPM

Next, we take this percentage value and translate it into a milliamp value using the formula
previously shown:

= 0.583 = 58.3%

xT

100%

(16 mA) ( ) + (4 mA) = current

58.3%
(16 mA) < 100% > + (4 mA) =13.3 mA

Therefore, the transmitter should output a PV signal of 13.3 mA at a flow rate of 204 GPM.
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10.2.3 Example calculation: temperature transmitter

A pneumatic temperature transmitter is ranged 50 to 140 degrees Fahrenheit and has a 3-15 PSI
output signal. Calculate the pneumatic output pressure if the temperature is 79 degrees Fahrenheit.

First, we convert the temperature value of 79 degrees into a percentage of range based on the
knowledge of the temperature range span (140 degrees — 50 degrees = 90 degrees) and lower-range
value (LRV = 50 degrees). We may do so by manipulating the general formula for any linear
measurement to solve for x:

measured variable = (Span) (ﬁ) + (LRV)
0

measured variable — (LRV) = (Span) (%)
0

measured variable — (LRV)
(Span) ~100%

. measured variable — (LRV)
N (Span)
[ 79°F — 50°F
B 90°F

> 100%

> 100%

x = 32.2%

Next, we take this percentage value and translate it into a pneumatic pressure value using the
formula previously shown:

(12 PSI) ( ) + (3 PSI) = pressure

_r
100%

32.2%
(12 PSI) ( 007 ) + (3 PSI) = 6.87 PSI

Therefore, the transmitter should output a PV signal of 6.87 PSI at a temperature of 79° F.
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10.2.4 Example calculation: pH transmitter
A pH transmitter has a calibrated range of 4 pH to 10 pH, with a 4-20 mA output signal. Calculate
the pH sensed by the transmitter if its output signal is 11.3 mA.

First, we must convert the milliamp value into a percentage. Following the same technique we
used for the control valve problem:

current — (4 mA)
( (16 mA)

11.3 mA — (4 mA)
( (16 mA)

Next, we take this percentage value and translate it into a pH value, given the transmitter’s
measurement span of 6 pH (10 pH — 4 pH)and offset of 4 pH:

> 100% = percent of range

) 100% = 0.456 = 45.6%

(10 pH) (%0%) + (4 pH) = pH value

45.6%
(10 pH) < 100% > + (4 pH) = 8.56 pH

Therefore, the transmitter’s 11.3 mA output signal reflects a measured pH value of 8.56 pH.
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10.2.5 Example calculation: reverse-acting I/P transducer signal

A current-to-pressure transducer is used to convert a 4-20 mA electronic signal into a 3-15 PSI
pneumatic signal. This particular transducer is configured for reverse action instead of direct,
meaning that its pressure output at 4 mA should be 15 PSI and its pressure output at 20 mA should
be 3 PSI. Calculate the necessary current signal value to produce an output pressure of 12.7 PSI.

Reverse-acting instruments are still linear, and therefore still follow the slope-intercept line
formula y = mxz + b. The only differences are a negative slope and a different intercept value.
Instead of y = 16x + 4 as is the case for direct-acting instruments, this reverse-acting instrument
follows the linear equation y = —16x + 20:

(—16 mA) ( ) + (20 mA) = current

T

100%

First, we need to to convert the pressure signal value of 12.7 PSI into a percentage of 3-15 PSI
range. We will manipulate the percentage-pressure formula to solve for x:

(12 PSI) (100%) + (3 PSI) = pressure
x
(12 PSI) (TO%) = pressure — (3 PSI)
x  pressure — (3 PSI)
100% (12 PSI)

B ( pressure — (3 PSI)

(12 PSI) ) 100%

Next, we plug in the 12.7 PSI signal value and solve for z:

~ (12.7 PSI — (3 PSI)
o ( (12 PSI) ) 100%

x = 80.8%

This tells us that 12.7 PSI represents 80.8 % of the 3-15 PSI signal range. Plugging this percentage
value into our modified (negative-slope) percentage-current formula will tell us how much current is
necessary to generate this 12.7 PSI pneumatic output:

(—16 mA) (10€%> + (20 mA) = current
80.8%
(—16 mA) ( 100% ) + (20 mA) = 7.07 mA

Therefore, a current signal of 7.07 mA is necessary to drive the output of this reverse-acting I/P
transducer to a pressure of 12.7 PSI.
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10.2.6 Graphical interpretation of signal ranges

A helpful illustration for students in understanding analog signal ranges is to consider the signal
range to be expressed as a length on a number line. For example, the common 4-20 mA analog
current signal range would appear as such:

4 mA 8 mA 12 mA 16 mA 20mA
| | | | |
I T T T 1

0% 25% 50% 75% 100%

If one were to ask the percentage corresponding to a 14.4 mA signal on a 4-20 mA range, it
would be as simple as determining the length of a line segment stretching from the 4 mA mark to
the 14.4 mA mark:

14.4 mA

4 mA 8 mA 12 mA lleA 20 mA
| | | | |

I 1 1 I 1
0% 25% 50% 75% 100%
I | |
10.4 mA length

I
16 mA span

As a percentage, this thick line is 10.4 mA long (the distance between 14.4 mA and 4 mA) over
a total (possible) length of 16 mA (the total span between 20 mA and 4 mA). Thus:

14.4 mA — 4 mA
20 mA — 4 mA

Percentage = < ) 100%

Percentage = 65%

This same “number line” approach may be used to visualize any conversion from one analog scale
to another. Consider the case of an electronic pressure transmitter calibrated to a pressure range of
-5 to +25 PSI, having an (obsolete) current signal output range of 10 to 50 mA. The appropriate
current signal value for an applied pressure of 412 PSI would be represented on the number line as
such:
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+12 PSI
-5PSI +25PSI +10 Pgl +17.5 PSI +25 PSI
| | | | |

10mA 20mA 30mA 40mA 50 mA

I | | Proportion:
17 PSI length 17 PSSl ?mA
? mA length 30 PSI 40 mA
I
30 PSI span
40 mA span

Finding the “length” of this line segment in units of milliamps is as simple as setting up a
proportion between the length of the line in units of PSI over the total (span) in PSI, to the length
of the line in units of mA over the total (span) in mA:

17PSI 7 mA
30 PSI ~ 40 mA

Solving for the unknown (?) current by cross-multiplication and division yields a value of 22.67
mA. Of course, this value of 22.67 mA only tells us the length of the line segment on the number
line; it does not directly tell us the current signal value. To find that, we must add the “live zero”
offset of 10 mA, for a final result of 32.67 mA.

+12 PSI
-5PSI +25PSI +10 P%I +17.5 PSI +25 PSI
| | | | |

10mA 20 mA 30%% 40mA 50 mA

32.67 mA

Thus, an applied pressure of +12 PSI to this transmitter should result in a 32.67 mA output

signal.
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10.3 Controller output current loops

The simplest form of 4-20 mA current loop is the type used to represent the output of a process
controller, sending a command signal to a final control element. Here, the controller both supplies
the electrical power and regulates the DC current to the final control element, which acts as an
electrical load. To illustrate, consider the example of a controller sending a 4-20 mA signal to an
I/P (current-to-pressure) signal converter, which then pneumatically drives a control valve:

Controller
HHEH~
Control valve
EEEE o 20 PSI = =

instrument
BN  [Out air supply

~N

Al ‘ * air tubing\\
M . -
air tubing //
77
I~
N~
Dependent +
current 2-wire cable (
source -

Transducer
(Current-to-Pressure converter)

This particular controller has two digital displays, one for process variable (PV) and one for
setpoint (SP), with a bargraph for displaying the output value (Out). One pushbutton provides
the operator with a way to switch between Automatic and Manual modes (A/M), while two other
pushbuttons provide means to decrement and increment either the setpoint value (in Automatic
mode) or the Output value (in Manual mode).

Inside the controller, a dependent current source provides the 4-20 mA DC current signal to
the I/P transducer. Like all current sources, its purpose is to maintain current in the “loop”
circuit regardless of circuit resistance or any external voltage sources. Unlike a constant current
source, a “dependent” current source (represented by a diamond shape instead of a circle shape)
varies its current value according to the dictates of some external stimulus. In this case, either the
mathematical function of the controller (Automatic mode) or the arbitrary setting of the human
operator (Manual mode) tells the current source how much DC current it should maintain in the
circuit.

For example, if the operator happened to switch the controller into Manual mode and set the
output value at 50%, the proper amount of DC current for this signal percentage would be 12 mA
(exactly half-way between 4 mA and 20 mA). If everything is working properly, the current in the
“loop” circuit to the I/P transducer should remain exactly at 12 mA regardless of slight changes
in wire resistance, I/P coil resistance, or anything else: the current source inside the controller will
“fight” as hard as it has to in order to maintain this set amount of current. This current, as it flows
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through the wire coil of the I/P transducer mechanism, creates a magnetic field inside the I/P to
actuate the pneumatic mechanism and produce a 9 PSI pressure signal output to the control valve
(9 PSI being exactly half-way between 3 PSI and 15 PSI in the 3-15 PSI signal standard range).
This should move the control valve to the half-way position.

The details of the controller’s internal current source are not terribly important. Usually, it takes
the form of an operational amplifier circuit driven by the voltage output of a DAC (Digital-to-Analog
Converter). The DAC converts a binary number (either from the controller’s automatic calculations,
or from the human operator’s manual setting) into a small DC voltage, which then commands the
op-amp circuit to regulate output current at a proportional value.

The scenario is much the same if we replace the I/P and control valve with a variable-speed
motor drive. From the controller’s perspective, the only difference it sees is a resistive load instead
of an inductive load. The input resistance of the motor drive circuit converts the 4-20 mA signal
into an analog voltage signal (typically 1-5 V, but not always). This voltage signal then constitutes
a command to the rest of the drive circuitry, telling it to modulate the power going to the electric
motor in order to drive it at the desired speed:

Controller
HHB.H|~v
E E E.E SP 3-p1;12138((e) lthep(())fwer

BN  |out
] @@

Al

@ @ @ DC motor

Input Output

Dependent + %
current Two-wire cable + z Motor \ ®
source = 7 drive @
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10.4 4-wire (“self-powered”) transmitter current loops

DC electric current signals may also be used to communicate process measurement information from
transmitters to controllers, indicators, recorders, alarms, and other input devices. The simplest form
of 4-20 mA measurement loop is one where the transmitter has two terminals for the 4-20 mA signal
wires to connect, and two more terminals where a power source connects. These transmitters are
called “4-wire” or self-powered. The current signal from the transmitter connects to the process
variable input terminals of the controller to complete the loop:

Controller

BEEH|
HEEH s

BN | ou
4-wire transmitter A
Power Im ‘ *
source
+

TA

I

\Vi

Typically, process controllers are not equipped to directly accept milliamp input signals, but
rather voltage signals. For this reason we must connect a precision resistor across the input terminals
to convert the 4-20 mA signal into a standardized analog voltage signal that the controller can
understand. A voltage signal range of 1 to 5 volts is standard, although some models of controller
use different voltage ranges and therefore require different precision resistor values. If the voltage
range is 1-5 volts and the current range is 4-20 mA, the precision resistor value must be 250 ohms.

Since this is a digital controller, the input voltage at the controller terminals is interpreted by
an analog-to-digital converter (ADC) circuit, which converts the measured voltage into a digital
number that the controller’s microprocessor can work with.
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In some installations, transmitter power is supplied through additional wires in the cable from a
power source located in the same panel as the controller:

Controller

BEEH|
couer |BEEH]s?

source | ] Out
i [€ B

+

1o

4-wire transmitter

AN JAN

4-wire cable

ameR

The obvious disadvantage of this scheme is the requirement of two more conductors in the cable.
More conductors means the cable will be larger-diameter and more expensive for a given length.
Cables with more conductors will require larger electrical conduit to fit in to, and all field wiring
panels will have to contain more terminal blocks to marshal the additional conductors. If no suitable
electrical power source exists at the transmitter location, though, a 4-wire cable is necessary to service
a 4-wire transmitter.
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10.5 2-wire (“loop-powered”) transmitter current loops

It is possible to convey electrical power and communicate analog information over the same two
wires using 4 to 20 milliamps DC, if we design the transmitter to be loop-powered. A loop-powered
transmitter connects to a process controller in the following manner:

Controller

_[BBEA)
ower

source
2-wire transmitter ] EEE.E SP

— |IN | Out

+ A A A/M ‘ *

) () 2-wire cable
L +

\I \I / %E:-
L

Here, the transmitter is not really a current source in the sense that a 4-wire transmitter is.
Instead, a 2-wire transmitter’s circuitry is designed to act as a current regulator, limiting current in
the series loop to a value representing the process measurement, while relying on a remote source
of power to motivate current to flow. Please note the direction of the arrow in the transmitter’s
dependent current source symbol, and how it relates to the voltage polarity marks. Refer back to the
illustration of a 4-wire transmitter circuit for comparison. The current “source” in this loop-powered
transmitter actually behaves as an electrical load, while the current source in the 4-wire transmitter
functions as a true electrical source.

A loop-powered transmitter gets its operating power from the minimum terminal voltage and
current available at its two terminals. With the typical source voltage being 24 volts DC, and the
maximum voltage dropped across the controller’s 250 ohm resistor being 5 volts DC, the transmitter
should always have at least 19 volts available at its terminals. Given the lower end of the 4-20 mA
signal range, the transmitter should always have at least 4 mA of current to run on. Thus, the
transmitter will always have a certain minimum amount of electrical power available on which to
operate, while regulating current to signal the process measurement.

Internally, the loop-powered transmitter circuitry looks something like this:
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Loop-powered 4-20 mA transmitter

<4mA
€&— out| Voltage |in o
regulator
+V
Gnd R, .
Sensor : Ry % "m'%
Sensing bias
O: and scaling |,
circuitry VA Additional
\L current
Gnd Rfeedb ‘ (as needed)
aCl
(ground)

R%ﬂ%%

All sensing, scaling, and output conditioning circuitry inside the transmitter must be designed
to run on less then 4 mA of DC current, and at a modest terminal voltage. In order to create loop
currents exceeding 4 mA — as the transmitter must do in order to span the entire 4 to 20 milliamp
signal range — the transmitter circuitry uses a transistor to shunt (bypass) extra current from one
terminal to the other as needed to make the total current indicative of the process measurement.
For example, if the transmitter’s internal operating current is only 3.8 mA, and it must regulate loop
current at a value of 16 mA to represent a condition of 75% process measurement, the transistor
will bypass 12.2 mA of current.

Early current-based industrial transmitters were not capable of operating on such low levels
of electrical power, and so used a different current signal standard: 10 to 50 milliamps DC.
Loop power supplies for these transmitters ranged upwards of 90 volts to provide enough power
for the transmitter. Safety concerns made the 10-50 mA standard unsuitable for some industrial
installations, and modern microelectronic circuitry with its reduced power consumption made the
4-20 mA standard practical for nearly all types of process transmitters.

10.6 Troubleshooting current loops

Perhaps the most fundamental diagnostic method for troubleshooting 4-20 mA analog current
loops is to measure current and/or voltage at different points in the circuit. Several types of test
instruments are available for this purpose.
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10.6.1 Using a standard milliammeter to measure loop current

Since the signal of interest is represented by an electric current in an instrumentation current “loop”
circuit, the obvious tool to use for troubleshooting is a multimeter capable of accurately measuring
DC milliamperes. Unfortunately, though, there is a major disadvantage to the use of a milliammeter:
the circuit must be “broken” at some point to connect the meter in series with the current, and
this means the current will fall to 0 mA until the meter is connected (then fall to 0 mA when
the meter is removed from the circuit). Interrupting the current means interrupting the flow of
information conveyed by that current, be it a process measurement or a command signal to a final
control element. This will have adverse effects on a control system unless certain preparatory steps
are taken.

Before “breaking the loop” to connect your meter, one must first warn all appropriate personnel
that the signal will be interrupted at least twice, falling to a value of -25% each time. If the signal to
be interrupted is coming from a process transmitter to a controller, the controller should be placed
in Manual mode so it will not cause an upset in the process (by moving the final control element in
response to the sudden loss of PV signal). Also, process alarms should be temporarily disabled so
they do not cause panic. If this current signal also drives process shutdown alarms, these should be
temporarily disabled so that nothing shuts down upon interruption of the signal.

If the current signal to be interrupted is a command signal from a controller to a final control
element, the final control element either needs to be manually overridden so as to hold a fixed setting
while the signal varies, or it needs to be bypasses completely by some other device(s). If the final
control element is a control valve, this typically takes the form of opening a bypass valve and closing
at least one block valve:

Control valve

I/P converter )
two-wire cable

air tube ] 0 U

Block valve Air supply

Bypass valve
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Since the manually-operated bypass valve now performs the job that the automatic control valve
used to, a human operator must remain posted at the bypass valve to carefully throttle it and
maintain control of the process.

Block and bypass valves for a large gas flow control valve may be seen in the following photograph:

In consideration of the labor necessary to safely interrupt the current signal to a control valve in
a live process, we see that the seemingly simple task of connecting a milliammeter in series with a
4-20 mA current signal is not as easy as it may first appear. Better ways must exist, no?
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10.6.2 Using a clamp-on milliammeter to measure loop current

One better way to measure a 4-20 mA signal without interrupting it is to do so magnetically, using
a clamp-on milliammeter. Modern Hall-effect sensors are sensitive and accurate enough to monitor
the weak magnetic fields created by the passage of small DC currents in wires. Ammeters using
Hall-effect sensors have are completely non-intrusive because they merely clamp around the wire,
with no need to “break” the circuit. An example of a such a clamp-on current meter is the Fluke
model 771, shown in this photograph:

Note how this milliammeter not only registers loop current (3.98 mA as shown in the photograph),
but it also converts the milliamp value into a percentage of range, following the 4 to 20 mA signal
standard. One disadvantage to be aware of for clamp-on milliammeters is the susceptibility to
error from strong external magnetic fields. Steady magnetic fields (from permanent magnets or
DC-powered electromagnets) may be compensated for by performing a “zero” adjustment with the
instrument held in a similar orientation prior to measuring loop current through a wire.
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10.6.3 Using “test” diodes to measure loop current

Another way to measure a 4-20 mA signal without interrupting it involves the use of a rectifying
diode, originally installed in the loop circuit when it was commissioned. A “test” diode may be
placed anywhere in series within the loop in such a way that it will be forward-biased. During
normal operation, the diode will drop approximately 0.7 volts, as is typical for any silicon rectifying
diode when forward biased. The following schematic diagram shows such a diode installed in a
2-wire transmitter loop circuit:

T itt =07V — Power
ransmitter — supply

If someone connects a milliammeter in parallel with this diode, however, the very low input
resistance of the ammeters “shorts past” the diode and prevents any substantial voltage drop from
forming across it. Without the necessary forward voltage drop, the diode effectively turns off and
conducts 0 mA, leaving the entire loop current to pass through the ammeter:

All current goes through
the milliammeter!

T itt =00V — Power
ransmitter e Supply

When the milliammeter is disconnected, the requisite 0.7 volt drop appears to turn on the diode,
and all loop current flows through the diode again. At no time is the loop current ever interrupted,
which means a technician may take current measurements this way and never have to worry about
generating false process variable indications, setting off alarms, or upsetting the process.

Such a diode may be installed at the nearest junction box, between terminals on a terminal strip,
or even incorporated into the transmitter itself. Some process transmitters have an extra pair of
terminals labeled “Test” for this exact purpose. A diode is already installed in the transmitter, and
these “test” terminals serve as points to connect the milliammeter across.
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The following photograph shows an example of this on a Rosemount model 3051 differential
pressure transmitter:

Note the two test points labeled “TEST” below and to the right of the main screw terminals
where the loop wiring attaches. Connecting an ammeter to these two test points allows for direct
measurement of the 4-20 mA current signal without having to un-do any wire connections in the
circuit.

Transmitters equipped with analog meter movements for direct visual indication of the 4-20 mA
signal usually connect the analog milliammeter in parallel with just such a diode. The reason for
doing this is to maintain loop continuity in the event that the fine-wire coil inside the milliammeter
movement were to accidently break open.
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10.6.4 Using shunt resistors to measure loop current

A similar method for non-invasively measuring current in a 4-20 mA instrumentation circuit is to
install a precision resistor in series. If the resistance value is precisely known, the technician merely
needs to measure voltage across it with a voltmeter and use Ohm’s Law to calculate current:

VWA
I_I_I
— Power

Transmitter — supply

<
1l
Py

In electronics, such a precision resistor used for measuring current is often referred to as a shunt
resistor. Shunt resistor values are commonly very small, for their purpose is to assist in current
measurement without imposing undue voltage drop within a circuit. It is rare to find a 250 ohm
resistor used strictly as a diagnostic shunt resistor, because the extra voltage drop (1 to 5 volts,
depending on the current signal level) may “starve” loop-powered instruments of voltage necessary
to operate. Shunt resistor values as low as 1 ohm may be found installed in 4-20 mA current loops
at strategic locations where technicians may need to measure loop current!.

1Of course, a 1 ohm resistor would drop 4 mV at 4 mA loop current, and drop 20 mV at 20 mA loop current.
These small voltage values necessitate an accurate DC multimeter for field measurement.
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10.6.5 Troubleshooting current loops with voltage measurements

If neither component (diode nor shunt resistor) is pre-installed in the circuit, and if a Hall-
effect (clamp-on) precision milliammeter is unavailable, a technician may still perform useful
troubleshooting measurements using nothing but a DC voltmeter. Here, however, one must be
careful of how to interpret these voltage measurements, for they may not directly correspond to the
loop current as was the case with measurements taken in parallel with the precision resistor.

Take for example this 4-20 mA loop where a controller sends a command signal to an I/P
transducer:
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There is no standardized resistance value for I/P transducer coils, and so the amount of voltage
dropped across the I/P terminals for any given amount of loop current will be unique for every
different model of I/P. The Fisher model 567 I/P transducer built for 4-20 mA signals has a nominal
coil resistance of 176 ohms. Thus, we would expect to see a voltage drop of approximately 0.7
volts at 4 mA and a drop of approximately 3.5 volts at 20 mA across the I/P terminals. Since the
controller output terminals are directly in parallel with the I/P terminals, we would expect to see
approximately the same voltage there as well (slightly greater due to wire resistance). The lack of
known precision in the I/P coil resistance makes it difficult to tell exactly how much current is in
the loop for any given voltage measurement we take with a voltmeter. However, if we do know the
approximate coil resistance of the I/P, we can at least obtain an estimate of loop current, which is
usually good enough for diagnostic purposes.

If the I/P coil resistance is completely unknown, voltage measurements become useless for
quantitative determination of loop current. Voltage measurements would be useful only for
qualitatively determining loop continuity (i.e. whether there is a break in the wiring between the
controller and I/P).
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Another example for consideration is this loop-powered 4-20 mA transmitter and controller
circuit, where the controller supplies DC power for the loop:

Controller
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It is very common to find controllers with their own built-in loop power supplies, due to the
popularity of loop-powered (2-wire) 4-20 mA transmitters. If we know the transmitter requires a
DC voltage source somewhere in the circuit to power it up, it makes sense to include one in the
controller, right?

The only voltage measurement that directly and accurately correlates to loop current is the
voltage directly across the 250 ohm precision resistor. A loop current of 4 mA will yield a voltage
drop of 1 volt, 12 mA will drop 3 volts, 20 mA will drop 5 volts, etc.

A voltage measurement across the transmitter terminals will show us the difference in voltage
between the 26 volt power supply and the voltage dropped across the 250 ohm resistor. In other
words, the transmitter’s terminal voltage is simply what is left over from the source voltage of 26
volts after subtracting the resistor’s voltage drop. This makes the transmitter terminal voltage
inversely proportional to loop current: the transmitter sees approximately 25 volts at 4 mA loop
current (0% signal) and approximately 21 volts at 20 mA loop current (100% signal).

The use of the word “approximate” is very intentional here, for loop power supplies are usually
non-regulated. In other words, the “26 volt” rating is approximate and subject to change! One of
the advantages of the loop-powered transmitter circuit is that the source voltage is largely irrelevant,
so long as it exceeds the minimum value necessary to ensure adequate power to the transmitter. If
the source voltage drifts for any reason, it will have no impact on the measurement signal at all,
because the transmitter is built as a current regulator, regulating current in the loop to whatever
value represents the process measurement, regardless of slight changes in loop source voltage, wire
resistance, etc. This rejection of power supply voltage changes means that the loop power supply
need not be regulated, and so in practice it rarely is.

This brings us to a common problem in loop-powered 4-20 mA transmitter circuits: maintaining
sufficient operating voltage at the transmitter terminals. Recall that a loop-powered transmitter



10.6. TROUBLESHOOTING CURRENT LOOPS 273

relies on the voltage dropped across its terminals (combined with a current of less than 4 mA) to
power its internal workings. This means the terminal voltage must not be allowed to dip below a
certain minimum value, or else the transmitter will not have enough electrical power to continue its
normal operation. This makes it possible to “starve” the transmitter of voltage if the loop power
supply voltage is insufficient, and /or if the loop resistance is excessive.

To illustrate how this can be a problem, consider the following 4-20 mA measurement loop, where
the controller supplies only 20 volts DC to power the loop, and an indicator is included in the circuit
to provide operators with field-located indication of the transmitter’s measurement:

Controller

Indicator EEEE 7

AN HEH.H|s»
s, . o

2-wire transmitter eNE e 2
+ N 7AY Y 20 VDC
2-wire cable Nl
| Kell

- \Vi \J

The indicator contains its own 250 ohm resistor to provide a 1-5 volt signal for the meter
mechanism to sense. This means the total loop resistance is now 500 ohms (plus any wire resistance).
At full current (20 mA), this total resistance will drop (at least) 10 volts, leaving 10 volts or less
at the transmitter terminals to power the transmitter’s internal workings. 10 volts may not be
enough for the transmitter to successfully operate, though. The Rosemount model 3051 pressure
transmitter, for example, requires a minimum of 10.5 volts at the terminals to operate.

However, the transmitter will operate just fine at lower loop current levels. When the loop
current is only 4 mA, for example, the combined voltage drop across the two 250 ohm resistors will
be only 2 volts, leaving about 18 volts at the transmitter terminals: more than enough for practically
any model of 4-20 mA loop-powered transmitter to successfully operate. Thus, the problem of
insufficient supply voltage only manifests itself when the process measurement nears 100% of range.
This could be a difficult problem to diagnose, since it appears only during certain process conditions.
A technician looking only for wiring faults (loose connections, corroded terminals, etc.) would never
find the problem.

When a loop-powered transmitter is starved of voltage, its behavior becomes erratic. This is
especially true of “smart” transmitters with built-in microprocessor circuitry. If the terminal voltage
dips below the required minimum, the microprocessor circuit shuts down. When the circuit shuts
down, the current draw decreases accordingly. This causes the terminal voltage to rise again, at
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which point the microprocessor has enough voltage to start up. As the microprocessor “boots” back
up again, it increases loop current to reflect the near-100% process measurement. This causes the
terminal voltage to sag, which subsequently causes the microprocessor to shut down again. The
result is a slow on/off cycling of the transmitter’s current, which makes the process controller think
the process variable is surging wildly. The problem disappears, though, as soon as the process
measurement decreases enough that the transmitter is allowed enough terminal voltage to operate
normally.
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10.6.6 Using loop calibrators

Special-purpose electronic test instruments called loop calibrators are manufactured for the express
purpose of 4-20 mA current loop circuit troubleshooting. These versatile instruments are generally
capable of not only measuring current, but also sourcing current to unpowered devices in a loop,
and also simulating the operation of loop-powered 4-20 mA transmitters.

A very popular loop calibrator unit is the Altek model 334A, a battery-powered, hand-held unit
with a rotary knob for current adjustment and toggle switches for mode setting. The following
illustration shows how this calibrator would be used to measure current in a functioning input signal

loop?:
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Here, the loop wiring is broken at the negative terminal of the loop-powered transmitter, and
the calibrator connected in series to measure current. If this loop had a test diode installed, the
calibrator could be connected in parallel with the diode to achieve the same function. Note the
polarity of the calibrator’s test leads in relation to the circuit being tested: the calibrator is acting

2In the following illustrated examples, the transmitter is assumed to be a pressure transmitter with a calibrated
range of 0 to 700 inches of water column, 4-20 mA. The controller’s PV (process variable) display is appropriately

ranged to display 0 to 700 as well.
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as an unpowered device (a load rather than a source), with the more positive loop terminal connected
to the calibrator’s red test lead and the more negative terminal connected to the black test lead.

The same loop calibrator may be used to source (or drive) a 4-20 mA signal into an indicating

instrument to test the function of that instrument independently. Here, we see the Altek calibrator
used as a current source to send a 16.00 mA signal to the PV (process variable) input of the controller:
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No transmitter need be included in this illustration, because the calibrator takes its place. Note
how the calibrator is used here as an active source of current rather than a passive load as it was in
the last example. The calibrator’s red test lead connects to the controller’s positive input terminal,

while the black test lead connects to the negative terminal.
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An alternative method of sourcing a known current signal into an indicating instrument that
provides loop power is to set the loop calibrator to a mode where it mimics the electrical behavior
of a loop-powered 2-wire transmitter. In this mode, the calibrator serves to regulate loop current
at a user-determined value, but it provides no motivating voltage to drive this current. Instead,
it passively relies on some external voltage source in the loop circuit to provide the necessary
electromotive force:
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Note the polarity of the calibrator’s test leads in relation to the controller: the red test lead
connects to the positive loop power terminal while the black lead connects to the positive input
terminal. Here, the calibrator acts as a load, just as a loop-powered transmitter acts as an electrical
load.

This simulate transmitter mode is especially useful for testing a 4-20 mA loop at the end of
the cable where the transmitter is physically located. After disconnecting the cable wires from the
transmitter and re-connecting them to the loop calibrator (set to “simulate” mode), the calibrator
may be used to simulate a transmitter measuring any value within its calibrated range.
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A legacy loop calibrator still familiar to many instrument technicians at the time of this writing
is the classic Transmation model 1040:

COARSE 40 39 40 -

Other examples of vintage loop calibrator technology include the Nassau model 8060 (left) and
the Biddle Versa-Cal (right):
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A modern loop calibrator manufactured by Fluke is the model 705:

[ ]
o Vv
mA
SOURCE  MEASURE

SIMULATE /N
MEASURE =

+

With this calibrator, the measure, source, and simulate modes are accessed by repeatedly pushing
a button, with the current mode displayed on the screen:
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Chapter 11

Pneumatic instrumentation

While electricity is commonly used as a medium for transferring energy across long distances, it is
also used in instrumentation to transfer information. A simple 4-20 mA current “loop” uses direct
current to represent a process measurement in percentage of span, such as in this example:

Indicator
Pressure transmitter SN
wires S+
24 VDC
supply

Applied pressure

The transmitter senses an applied fluid pressure from the process being measured, regulates
electric current in the series circuit according to its calibration (4 mA = no pressure ; 20 mA =
full pressure), and the indicator (ammeter) registers this measurement on a scale calibrated to read
in pressure units. If the calibrated range of the pressure transmitter is 0 to 250 PSI, then the
indicator’s scale will be labeled to read from 0 to 250 PSI as well. No human operator reading that
scale need worry about how the measurement gets from the process to the indicator — the 4-20 mA
signal medium is transparent to the end-user as it should be.

281
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Air pressure may be used as an alternative signaling medium to electricity. Imagine a pressure
transmitter designed to output a variable air pressure according to its calibration rather than a
variable electric current. Such a transmitter would have to be supplied with a source of constant-
pressure compressed air instead of an electric voltage, and the resulting output signal would be
conveyed to the indicator via tubing instead of wires:

Indicator
Pressure transmitter
20 '.DS| tube
air ,
supply - tube T

Applied pressure

The indicator in this case would be a special pressure gauge, calibrated to read in units of
process pressure although actuated by the pressure of clean compressed air from the transmitter
instead of directly by process fluid. The most common range of air pressure for industrial pneumatic
instruments is 3 to 15 PSI. An output pressure of 3 PSI represents the low end of the process
measurement scale and an output pressure of 15 PSI represents the high end of the measurement
scale. Applied to the previous example of a transmitter calibrated to a range of 0 to 250 PSI,
a lack of process pressure would result in the transmitter outputting a 3 PSI air signal and full
process pressure would result in an air signal of 15 PSI. The face of this special “receiver” gauge
would be labeled from 0 to 250 PSI, while the actual mechanism would operate on the 3 to 15 PSI
range output by the transmitter. Just like the 4-20 mA loop, the end-user need not know how the
information gets transmitted from the process to the indicator. The 3-15 PSI signal medium is once
again transparent to the operator.



283

Pneumatic temperature, flow, and level control systems have all been manufactured to use the
same principle of 3-15 PSI air pressure signaling. In each case, the transmitter and controller are both
supplied clean compressed air at some nominal pressure (20 to 25 PSI, usually) and the instrument
signals travel via tubing. The following illustrations show what some of these applications look like:
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Flow controller
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Instruments functioning on compressed air, and process measurement signals transmitted as air
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pressures through long runs of metal tubing, was the norm for industrial instrumentation prior to
the advent of reliable electronics. In honor of this paradigm, instrument technicians were often
referred to as instrument mechanics, for these air-powered devices were mechanically complex and
in frequent need of adjustment to maintain high accuracy.

Back in the days of control room panels populated by rows and rows of pneumatic indicators,
recorders, and controllers, clean and organized routing of all the instrument signal tubes was a
significant concern. By contrast, electrical wires are relatively easy to organize through the use
of marshaling panels and terminal blocks — bundles of tubes (especially metal tubes!) are not. A
photograph taken of the upper rear portion of an old control room panel shows a portion of a
marshaling board where dozens of bulkhead-style 1/4 inch instrument tube fittings are organized in
neat rows', where a multitude of pneumatic instrument signal lines once attached:

Each bulkhead fitting bears a numbered tag?, for easy identification and documentation of tube
connections. Loop diagrams of pneumatic control systems documented each bulkhead fitting where
an instrument signal passed, in the same way that modern loop diagrams document each terminal
block where an electrical signal connection is made.

Pneumatic instruments still find wide application in industry, although it is increasingly rare to

INote the staggered layout of the tube fittings, intended to improve access to each one. Remember that the
technician used a 9/16 inch wrench to loosen and tighten the tube fitting nuts, so it was important to have working
room between fittings in which to maneuver a wrench.

2The numbers are difficult to see here, because the entire panel has been painted in a thick coat of grey paint. This
particular panel was stripped of all pneumatic instruments and outfitted with electronic instruments, so the rows of
bulkhead fittings no longer serve a purpose, but to remind us of legacy technology. I must wonder if some day in the
future I will include a photograph of an empty terminal strip in another chapter of this book, as I explain how wired
“legacy” instruments have all but been replaced by wireless (radio) instruments! Let the ghosts of the past speak to
you, dear reader, testifying to the endless march of technological evolution.
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encounter completely pneumatic control loops. One of the most common applications for pneumatic
control system components is control valve actuation, where pneumatic technology still dominates.
Not only is compressed air used to create the actuation force in many control valve mechanisms, it is
still often the signal medium employed to command the valve’s position. Quite often this pneumatic
signal originates from a device called an I/P transducer, or current-to-pressure converter, taking a
4-20 mA control signal from the output of an electronic controller and translating that information
as a pneumatic 3-15 PSI signal to the control valve’s positioner or actuator.
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11.1 Pneumatic sensing elements
Most pneumatic instruments use a simple but highly sensitive mechanism for converting mechanical
motion into variable air pressure: the baffle-and-nozzle assembly (sometimes referred to as a flapper-

and-nozzle assembly). A baffle is nothing more than a flat object obstructing the flow of air out of
a small nozzle by close proximity:

Pressure gauge
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The physical distance between the baffle and the nozzle alters the resistance of air flow through
the nozzle. This in turn affects the air pressure built up inside the nozzle (called the nozzle
backpressure). Like a voltage divider circuit formed by one fixed resistor and one variable resistor,
the baffle/nozzle mechanism “divides” the pneumatic source pressure to a lower value based on the
ratio of restrictiveness between the nozzle and the fixed orifice.

This crude assemblage is surprisingly sensitive, as shown by the graph. With a small enough
orifice, just a few thousandths of an inch of motion is enough to drive the pneumatic output between
its saturation limits. Pneumatic transmitters typically employ a small sheet-metal lever as the
baffle. The slightest motion imparted to this baffle by changes in the process variable (pressure,
temperature, flow, level, etc.) detected by some sensing element will cause the air pressure to
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change in response.

The principle behind the operation of a baffle/nozzle mechanism is often used directly in quality-
control work, checking for proper dimensioning of machined metal parts. Take for instance this
shaft diameter checker, using air to determine whether or not a machined shaft inserted by a human
operator is of the proper diameter after being manufactured on an assembly line:

From compressed Orifice
air supply —> _—>

(20 PSI)

Pressure gauge

_ Clearance

If the shaft diameter is too small, there will be excessive clearance between the shaft and the
inside diameter of the test jig, causing less air pressure to register on the gauge. Conversely, if
the shaft diameter is too large, the clearance will be less and the gauge will register a greater air
pressure because the flow of air will be obstructed by the reduced clearance. The exact pressure is
of no particular consequence to the quality-control operator reading the gauge. What does matter
is that the pressure falls within an acceptable range, reflecting proper manufacturing tolerances for
the shaft. In fact, just like the 3-15 PSI “receiver gauges” used as pneumatic instrument indicators,
the face of this pressure gauge might very well lack pressure units (such as kPa or PSI), but rather
be labeled with a colored band showing acceptable limits of mechanical fit:

Test jig

This is another example of the analogue nature of pneumatic pressure signals: the pressure
registered by this gauge represents a completely different variable, in this case the mechanical fit of
the shaft to the test jig.
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Although it is possible to construct a pneumatic instrument consisting only of a baffle/nozzle
mechanism, this is rarely done. Usually the baffle/nozzle mechanism is but one of several components
that comprise a “balancing” mechanism in a pneumatic instrument. It is this concept of self-
balancing that we will study next.

11.2 Self-balancing pneumatic instrument principles

A great many precision instruments use the principle of balance to measure some quantity. Perhaps
the simplest example of a balance-based instrument is the common balance-beam scale used to
measure mass in a laboratory:

A specimen of unknown mass is placed in one pan of the scale, and precise weights are placed in
the other pan until the scale achieves a condition of balance. When balance is achieved, the mass of
the sample is known to be equal to the sum total of mass in the other pan. An interesting detail to
note about the scale itself is that it has no need of routine calibration. There is nothing to “drift”
out of spec which would cause the scale to read inaccurately. In fact, the scale itself doesn’t even
have a gauge to register the mass of the specimen: all it has is a single mark indicating a condition
of balance. To express this more precisely, the balance beam scale is actually a differential mass
comparison device, and it only needs to be accurate at a single point: zero. In other words, it only
has to be correct when it tells you there is zero difference in mass between the specimen and the
standard masses piled on the other pan.

The elegance of this mechanism allows it to be quite accurate. The only real limitation to
accuracy is the certainty to which we know the masses of the balancing weights.

Imagine being tasked with the challenge of automating this laboratory scale. Suppose we grew
weary of having to pay a lab technician to place standard weights on the scale to balance it for every
new measurement, and we decided to find a way for the scale to balance itself. Where would we
start? Well, we would need some sort of mechanism to tell when the scale was out of balance, and
another mechanism to change weight on the other pan whenever an out-of-balance condition was
detected.
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The baffle/nozzle mechanism previously discussed would suffice quite well as a detection
mechanism. Simply attach a baffle to the end of the pointer on the scale, and attach a nozzle
adjacent to the baffle at the “zero” position (where the pointer should come to a rest at balance):

Air supply

-

Tube

Nozzle Orifice

Now we have a highly sensitive means of indicating when the scale is balanced, but we still have
not yet achieved full automation. The scale cannot balance itself, at least not yet.

What if, instead of using precise, machined, brass weights placed on the other pan to counter the
mass of the specimen, we used a pneumatically-actuated force generator operated by the backpressure
of the nozzle? An example of such a “force generator” is a bellows: a device made of thin sheet metal
with circular corrugations in it, such that it resembles the bellows fabric on an accordion. Pneumatic
pressure applied to the interior of the bellows causes it to elongate. If the metal of the bellows is
flexible enough so it does not naturally restrain the motion of expansion, the force generated by the
expansion of the bellows will almost exactly equal that predicted by the force-pressure-area equation:

Force

t

Force = Pressure x Area

Bellows
F=PA

!

Applied pressure

If the bellows’ expansion is externally restrained so it does not stretch appreciably — and therefore
the metal never gets the opportunity to act as a restraining spring — the force exerted by the bellows
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on that restraining object will exactly equal the pneumatic pressure multiplied by the cross-sectional
area of the bellows’ end.

Applying this to the problem of the self-balancing laboratory scale, imagine fixing a bellows to
the frame of the scale so it presses downward on the pan where the brass weights normally go, then
connecting the bellows to the nozzle backpressure:

Tube  Air supply
B

Nozzle Orifice

Now the scale will self-balance. When mass is added to the left-hand pan, the pointer (baffle) will
move ever so slightly toward the nozzle until enough backpressure builds up behind the nozzle to make
the bellows exert the proper amount of balancing force and bring the pointer back (very close) to
its original balanced condition. This balancing action is entirely automatic: the nozzle backpressure
adjusts to whatever it needs to be in order to keep the pointer at the balanced position, applying or
venting pressure to the bellows as needed to keep the system in a condition of equilibrium. What
we have created is a negative feedback system, where the output of the system (nozzle backpressure)
continuously adjusts to match and balance the input (the applied mass).

This is all well and good, but how does this help us determine the mass of the specimen in the
left-hand pan? What good is this self-balancing scale if we cannot read the balancing force? All we
have achieved so far is to make the scale self-balancing. The next step is making the balancing force
readable to a human operator.

Before we add the final piece to this automated scale, it is worthwhile to reflect on what has been
done so far. By adding the baffle/nozzle and bellows mechanisms to the scale, we have abolished
the need for brass weights and instead have substituted air pressure. In effect, the scale translates
the specimen’s mass into a proportional, analogue, air pressure. What we really need is a way to
now translate that air pressure into a human-readable indication of mass.
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The solution is simple: add the pressure gauge back to the system. The gauge will register air
pressure, but this time the air pressure will be proportionately equivalent to specimen mass. In
honor of this proportionality, we may label the face of the pressure gauge in units of grams (mass)
instead of PSI or kPa (pressure):
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Although it may seem as though we are done with the task of fully automating the laboratory
scale, we can go a step further. Building this pneumatic negative-feedback balancing system provides
us with a capability the old manually-operated scale never had: remote indication. There is no reason
why the indicating gauge must be located near the scale. Nothing prevents us from locating the
receiver gauge some distance from the scale, and using long lengths of tubing to connect the two:
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By equipping the scale with a pneumatic self-balancing apparatus, we have turned it into a
pneumatic mass transmitter, capable of relaying the mass measurement in pneumatic, analog form
to an indicating gauge far away. This is the basic force-balance principle used in most pneumatic
industrial transmitters to convert some process measurement into a 3-15 PSI pneumatic signal.



11.3. PILOT VALVES AND PNEUMATIC AMPLIFYING RELAYS 293

11.3 Pilot valves and pneumatic amplifying relays

Self-balancing mechanisms such as the fictitious pneumatic laboratory scale in the previous section
are most accurate when the imbalance detection mechanism is most sensitive. In other words, the
more aggressively the baffle/nozzle mechanism responds to slight out-of-balance conditions, the more
precise will be the relationship between measured variable (mass) and output signal (air pressure to
the gauge).

A plain baffle/nozzle mechanism may be made extremely sensitive by reducing the size of the
orifice. However, a problem caused by decreasing orifice size is a corresponding decrease in the
nozzle’s ability to provide increasing backpressure to fill a bellows of significant volume. In other
words, a smaller orifice will result in greater sensitivity to baffle motion, but it also limits the air flow
rate available to fill the bellows, which makes the system slower to respond. Another disadvantage of
smaller orifices is that they become more susceptible to plugging due to impurities in the compressed
air.

An alternative technique to making the baffle/nozzle mechanism more sensitive is to amplify its
output pressure using some other pneumatic device. This is analogous to increasing the sensitivity
of a voltage-generating electrical detector by passing its output voltage signal through an electronic
amplifier. Small changes in detector output become bigger changes in amplifier output which then
causes our self-balancing system to be even more precise.

What we need, then, is a pneumatic amplifier: a mechanism to amplify small changes in air
pressure and convert them into larger changes in air pressure. In essence, we need to find a pneumatic
equivalent of the electronic transistor: a device that lets one signal control another.
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First, let us analyze the following pneumatic mechanism and its electrical analogue (as shown on
the right):

Pneumatic mechanism Equivalent electrical circuit
Compressed
air supply
+V

Output pressure

}

Z

|
L L

(vent) (vent)

Control rod
moves up
and down

As the control rod is moved up and down by an outside force, the distance between the plug
and the seat changes. This changes the amount of resistance experienced by the escaping air,
thus causing the pressure gauge to register varying amounts of pressure. There is little functional
difference between this mechanism and a baffle/nozzle mechanism. Both work on the principle of one

variable restriction and one fixed restriction (the orifice) “dividing” the pressure of the compressed
air source to some lesser value.
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The sensitivity of this pneumatic mechanism may be improved by extending the control rod and
adding a second plug/seat assembly. The resulting mechanism, with dual plugs and seats, is known
as a pneumatic pilot valve. An illustration of a pilot valve is shown here, along with its electrical
analogue (on the right):

Compressed
l Output pressure
--
Control __!
knob 1: Vou

air supply
I Control rod

Pneumatic pilot valve Equivalent electrical circuit
(vent) ’ (vent)
moves up
and down

As the control rod is moved up and down, both variable restrictions change in complementary
fashion. As one restriction opens up, the other pinches shut. The combination of two restrictions
changing in opposite direction results in a much more aggressive change in output pressure as
registered by the gauge.
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A similar design of pilot valve reverses the directions of the two plugs and seats. The only
operational difference between this pilot valve and the previous design is an inverse relationship
between control rod motion and pressure:

Pneumatic pilot valve Equivalent electrical circuit
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air supply
+V
U Output pressure
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Control rod
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At this point, all we’ve managed to accomplish is build a better baffle/nozzle mechanism. We
still do not yet have a pneumatic equivalent of an electronic transistor. To accomplish that, we must
have some way of allowing an air pressure signal to control the motion of a pilot valve’s control rod.
This is possible with the addition of a diaphragm, as shown in this illustration:

Compressed
air supply
U Output pressure
/AN
— (vent)
diaphragm

Input pressure

The diaphragm is nothing more than a thin disk of sheet metal, upon which an incoming air
pressure signal presses. Force on the diaphragm is a simple function of signal pressure (P) and
diaphragm area (A), as described by the standard force-pressure-area equation:

F=PA

If the diaphragm is taut, the elasticity of the metal allows it to also function as a spring. This
allows the force to translate into displacement (motion), forming a definite relationship between
applied air pressure and control rod position. Thus, the applied air pressure input will exert control
over the output pressure. The addition of an actuating mechanism to the pilot valve turns it into a
pneumatic relay, which is the pneumatic equivalent of the electronic transistor we were looking for.
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It is easy to see how the input air signal exerts control over the output air signal in these two
illustrations:

Compressed Compressed
air supply air supply

(High) output pressure (Low) output pressure

— (vent) — (vent)
diaphragm ] _ ]
diaphragm
(High) input pressure (Low) input pressure

Since there is a direct relationship between input pressure and output pressure in this pneumatic
relay, we classify it as a direct-acting relay. If we were to add an actuating diaphragm to the first
pilot valve design, we would have a reverse-acting relay as shown here:

Compressed
air supply

Output pressure

— (vent)

diaphragm

Input pressure
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The gain (A) of any pneumatic relay is defined just the same as the gain of any electronic
amplifier circuit, the ratio of output change to input change:

_ AOutput
~ Alnput
For example, if an input pressure change of A2 PSI results in an output pressure change of A12

PSI, the gain of the pneumatic relay is 6.

The Foxboro corporation designed a great many of their pneumatic instruments to used a very
sensitive amplifying relay:

Air
supply
Input Output
signal signal
Pneumatic
amplifying
relay

The motion of the diaphragm actuated a pair of valves: one with a cone-shaped plug and the
other with a metal ball for a plug. The ball-plug allowed supply air to go to the output port, while
the cone-shaped “stem valve” plug vented excess air pressure to the vent port.
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The Fisher corporation used a different style of amplifying relay in some of their pneumatic
instruments:

Baffle
Nozzle
InputI
Relay signa
Vent <«——
%gﬁg} Compressed
air
supply

The gain of this Fisher relay was much less than that of the Foxboro relay, since output pressure in
the Fisher relay was allowed to act against input pressure by exerting force on a sizable diaphragm.
The movable vent seat in the Fisher relay made this design a “non-bleeding” type, meaning it
possessed the ability to close both supply and vent valves at the same time, allowing it to hold an
output air pressure between saturation limits without bleeding a substantial amount of compressed
air to atmosphere through the vent. The Foxboro relay design, by contrast, was a “bleeding type,”
whose ball and stem valves could never close simultaneously, and thus would always bleed some
compressed air to atmosphere so long as the output pressure remained somewhere between saturation
limits.
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11.4 Analogy to opamp circuits

Self-balancing pneumatic instrument mechanisms are very similar to negative-feedback operational
amplifier circuits, in that negative feedback is used to generate an output signal in precise proportion
to an input signal. This section compares simple operational amplifier (“opamp”) circuits with
analogous pneumatic mechanisms for the purpose of illustrating how negative feedback works, and
learning how to generally analyze pneumatic mechanisms.

In the following illustration, we see an opamp with no feedback (open loop), next to a baffle/nozzle
mechanism with no feedback (open loop):

v Xin
—>||<— Clearance
- |~ Air Supp|y Nozzle
Vin Vout T T — > >
— 5 Baffle
-V

For each system there is an input and an output. For the opamp, input and output are both
electrical (voltage) signals: V;,, is the differential voltage between the two input terminals, and V.,
is the single-ended voltage measured between the output terminal and ground. For the baffle/nozzle,
the input is the physical gap between the baffle and nozzle (z;,) while the output is the backpressure
indicated by the pressure gauge (Ppyt).

Both systems have very large gains. Operational amplifier open-loop gains typically exceed
200,000 (over 100 dB), and we have already seen how just a few thousandths of an inch of baffle
motion is enough to drive the backpressure of a nozzle nearly to its limits (supply pressure and
atmospheric pressure, respectively).

Gain is always defined as the ratio between output and input for a system. Mathematically, it is
the quotient of output change and input change, with “change” represented by the triangular Greek
capital-letter delta:

AOQOutput

Gain = 4 = Alnput

Normally, gain is a unitless ratio. We can easily see this for the opamp circuit, since both output
and input are voltages, any unit of measurement for voltage would cancel in the quotient, leaving a
unitless quantity. This is not so evident in the baffle/nozzle system, with the output represented in
units of pressure and the input represented in units of distance.
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If we were to add a bellows to the baffle/nozzle mechanism, we would have a system that inputs

and outputs fluid pressure, allowing us to more formally define the gain of the system as a unitless
ratio of %:

~—P,

Baffle

The general effect of negative feedback is to decrease the gain of a system, and also make that
system’s response more linear over the operating range. This is not an easy concept to grasp,
however, and so we will explore the effect of adding negative feedback in detail for both systems.
The simplest expression of negative feedback is a condition of 100% negative feedback, where the
whole strength of the output signal gets “fed back” to the amplification system in degenerative
fashion. For an opamp, this simply means connecting the output terminal directly to the inverting
input terminal:

+V

~ 1.

-V

We call this “negative” or “degenerative” feedback because its effect is counteractive in nature.
If the output voltage rises too high, the effect of feeding this signal to the inverting input will be to
bring the output voltage back down again. Likewise, if the output voltage is too low, the inverting
input will sense this and act to bring it back up again. Self-correction typifies the very nature of
negative feedback.

Having connected the inverting input directly to the output of the opamp leaves us with the
noninverting terminal as the sole remaining input. Thus, our input voltage signal is a ground-
referenced voltage just like the output. The voltage gain of this circuit is unity (1), meaning that
the output will assume whatever voltage level is present at the input, within the limits of the opamp’s
power supply. If we were to send a voltage signal of 5 volts to the noninverting terminal of this
opamp circuit, it would output 5 volts, provided that the power supply exceeds 5 volts in potential
from ground.
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Let’s analyze exactly why this happens. First, we will start with the equation representing the
open-loop output of an opamp, as a function of its differential input voltage:

Vout = AOL(Wn(—i—) - V;,n(—))

As stated before, the open-loop voltage gain of an opamp is typically very large (Aor, = 200,000
or more!). Connecting the opamp’s output to the inverting input terminal simplifies the equation:
Vout may be substituted for V;,,(_), and Vj;,(4) simply becomes V;,, since it is now the only remaining
input. Reducing the equation to the two variables of V,,,; and V},, and a constant (Aoy,) allows us to
solve for overall voltage gain ( ‘6"_“*) as a function of the opamp’s internal voltage gain (Aor). The
following sequence of algebraic manipulations shows how this is done:

Vout = AOL(‘/in - Vout)
Vout = AOL‘/in - AOL Vout
AOLVout + Vout = AOL‘/’L"IL

‘/out(AOL + 1) - AOL‘/in

Overall gain = Vout = 7AOL

Vi Aor +1
If we assume an internal opamp gain of 200,000, the overall gain will be very nearly equal to
unity (0.999995). Moreover, this near-unity gain will remain quite stable despite large changes in
the opamp’s internal (open-loop) gain. The following table shows the effect of major Aoy, changes

on overall voltage gain (Ay):

Aor Ay
Internal gain Overall gain
100,000 0.99999
200,000 0.999995
300,000 0.999997
500,000 0.999998
1,000,000 0.999999

Note how an order of magnitude change? in Aoy, (from 100,000 to 1,000,000) results is a miniscule
change in overall voltage gain (from 0.99999 to 0.999999). Negative feedback clearly has a stabilizing
effect on the closed-loop gain of the opamp circuit, which is the primary reason it finds such wide
application in engineered systems. It was this effect that led Harold Black in the late 1920’s to apply
negative feedback to the design of very stable telephone amplifier circuits.

3An “order of magnitude” is nothing more than a ten-fold change. Do you want to sound like you’re really smart
and impress those around you? Just start comparing ordinary differences in terms of orders of magnitude. “Hey dude,
that last snowboarder’s jump was an order of magnitude higher than the one before!” “Whoa, that’s some big air .
.7 Just don’t make the mistake of using decibels in the same way (“Whoa dude, that last jump was at least 10 dB
higher than the one before!”) — you don’t want people to think you’re a nerd.
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If we subject our negative feedback opamp circuit to a constant input voltage of exactly 5 volts,
we may expand the table to show the effect of changing open-loop gain on the output voltage, and
also the differential voltage appearing between the opamp’s two input terminals:

AOL AV Vout ‘/zn(-l-) - ‘/zn(—)
Internal gain Overall gain Output voltage Differential input voltage
100,000 0.99999 4.99995 0.00005
200,000 0.999995 4.999975 0.000025
300,000 0.999997 4.99998 0.00002
500,000 0.999998 4.99999 0.00001
1,000,000 0.999999 4.999995 0.000005

With such extremely high open-loop voltage gains, it hardly requires any difference in voltage
between the two input terminals to generate the necessary output voltage to balance the input.
Thus, V,u: = V;,, for all practical purposes.

One of the “simplifying assumptions” electronics technicians and engineers make when analyzing
opamp circuits is that the differential input voltage in any negative feedback circuit is zero. As we
see in the above table, this assumption is very nearly true. Following this assumption to its logical
consequence allows us to predict the output voltage of any negative feedback opamp circuit quite
simply. For example:

Vi = O PV { >'— Vo = 5 volts
Vi, = 5volts

A

If we simply assume there will be no difference of voltage between the two input terminals of the
opamp with negative feedback in effect, we may conclude that the output voltage is exactly equal to
the input voltage, since that is what must happen in order for the two input terminals to see equal
potentials.
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Now let us apply similar techniques to the analysis of a pneumatic baffle/nozzle mechanism.
Suppose we arrange a pair of identical bellows in opposition to one another on a force beam, so any
difference in force output by the two bellows will push the baffie either closer to the nozzle or further
away from it:

Air supply —

Feedback Input
bellows bellows

Pivot

It should be clear that the left-hand bellows, which experiences the same pressure (P,,:) as the
pressure gauge, introduces negative feedback into the system. If the output pressure happens to
rise too high, the baffle will be pushed away from the nozzle by the force of the feedback bellows,
causing backpressure to decrease and stabilize. Likewise, if the output pressure happens to go too
low, the baffle will move closer to the nozzle and cause the backpressure to rise again. Once again
we see the defining characteristic of negative feedback in action: its self-correcting nature works to
counteract any change in output conditions.

As we have seen already, the baffle/nozzle is exceptionally sensitive to motion. Only a few
thousandths of an inch of motion is sufficient to saturate the nozzle backpressure at either extreme
(supply air pressure or zero, depending on which direction the baffle moves). This is analogous to the
differential inputs of an operational amplifier, which only need to see a few microvolts of potential
difference to saturate the amplifier’s output.

Introducing negative feedback to the opamp led to a condition where the differential input voltage
was held to (nearly) zero. In fact, this potential is so small that we safely considered it zero for
the purpose of more easily analyzing the output response of the system. We may make the exact
same “simplifying assumption” for the pneumatic mechanism: we will assume the baffle/nozzle gap
remains constant in order to more easily determine the output pressure response to an input pressure.

If we simply assume the baffle/nozzle gap cannot change with negative feedback in effect, we may
conclude that the output pressure is exactly equal to the input pressure for the pneumatic system
shown, since that is what must happen in order for the two pressures to generate exactly opposing
forces so the baffle will not move from its original position.
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The analytical technique of assuming perfect balance in a negative feedback system works just
as well for more complicated systems. Consider the following opamp circuit:

R
J__ VWWA VWWA

Vi =0 pV { >_ Vout
Vin

E

Here, negative feedback occurs through a voltage divider from the output terminal to the inverting
input terminal, such that only one-half of the output voltage gets “fed back” degeneratively. If we
follow our simplifying assumption that perfect balance (zero difference of voltage) will be achieved
between the two opamp input terminals due to the balancing action of negative feedback, we are
led to the conclusion that V,,; must be exactly twice the magnitude of V;,,. In other words, the
output voltage must increase to twice the value of the input voltage in order for the divided feedback
signal to exactly equal the input signal. Thus, feeding back half the output voltage yields an overall
voltage gain of two.

If we make the same (analogous) change to the pneumatic system, we see the same effect:

Air supply —

Small bellows [ | arge bellows
Area = l/2 A Area = A

Pivot

Here, the feedback bellows has been made smaller (exactly half the surface area of the input
bellows). This results in half the amount of force applied to the force beam for the same amount
of pressure. If we follow our simplifying assumption that perfect balance (zero baffle motion) will
be achieved due to the balancing action of negative feedback, we are led to the conclusion that P,
must be exactly twice the magnitude of P;,. In other words, the output pressure must increase to
twice the value of the input pressure in order for the divided feedback force to exactly equal the
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input force and prevent the baffle from moving. Thus, our pneumatic mechanism has a pressure
gain of two, just like the opamp circuit with divided feedback.

We could have achieved the same effect by moving the feedback bellows to a lower position on
the force beam instead of changing its surface area:

POUt

e

Air supply —

~— P

Pivot

This arrangement effectively reduces the feedback force by placing the feedback bellows at a
mechanical disadvantage to the input bellows. If the distance between the feedback bellows tip and
the force beam pivot is exactly half the distance between the input bellows tip and the force beam
pivot, the effective force ratio will be one-half.

Pneumatic instruments built such that bellows’ forces directly oppose one another in the same
line of action to constrain the motion of a beam are known as “force balance” systems. Instruments
built such that bellows’ forces oppose one another through different lever lengths (such as in the
last system) are technically known as “moment balance” systems, referencing the moment arm
lengths through which the bellows’ forces act to balance each other. However, one will often find
that “moment balance” instruments are commonly referred to as “force balance” because the two
principles are so similar.
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An entirely different classification of pneumatic instrument is known as motion balance. The
same “simplifying assumption” of zero baffle/nozzle gap motion holds true for the analysis of these
mechanisms as well:

Pout

* F)in

Air supply — —

In this mechanism there is no fixed pivot for the beam. Instead, the beam hangs between the
ends of two bellows units, affixed by pivoting links. As input pressure increases, the input bellows
expands outward, attempting to push the beam closer to the nozzle. However, if we follow our
assumption that negative feedback holds the nozzle gap constant, we see that the feedback bellows
must expand the same amount, and thus (if it has the same area and spring characteristics as the
input bellows) the output pressure must equal the input pressure:

Pout

* F)in

Air supply — —

We call this a motion balance system instead of a force balance system because we see two
motions canceling each other out to maintain a constant nozzle gap instead of two forces canceling
each other out to maintain a constant nozzle gap.
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The gain of a motion-balance pneumatic instrument may be changed by altering the bellows-to-
nozzle distance such that one of the two bellows has more effect than the other. For instance, this
system has a gain of 2, since the feedback bellows must move twice as far as the input bellows in
order to maintain a constant nozzle gap:

Pout

®

Air supply — —

Force-balance (and moment-balance) instruments are generally considered more accurate than
motion-balance instruments because motion-balance instruments rely on the pressure elements
(bellows, diaphragms, or bourdon tubes) possessing predictable spring characteristics. Since pressure
must accurately translate to motion in a motion-balance system, there must be a predictable
relationship between pressure and motion in order for the instrument to maintain accuracy. If
anything happens to affect this pressure/motion relationship such as metal fatigue or temperature
change, the instrument’s calibration will drift. Since there is negligible motion in a force-balance
system, pressure element spring characteristics are irrelevant to the operation of these devices, and
their calibrations remain more stable over time.

Both force- and motion-balance pneumatic instruments are usually equipped with an amplifying
relay between the nozzle backpressure chamber and the feedback bellows. The purpose of an
amplifying relay in a self-balancing pneumatic system is the same as the purpose of providing
an operational amplifier with an extremely high open-loop voltage gain: the more internal gain
the system has, the closer to ideal the “balancing” effect will be. In other words, our “simplifying
assumption” of zero baffle/nozzle gap change will be closer to the truth in a system where the nozzle
pressure gets amplified before going to the feedback bellows:

Air supply —

Supply Input ’—‘
Pout

Amplifying [oueut P
* relay in

Pivot
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Thus, adding a relay to a self-balancing pneumatic system is analogous to increasing the open-
loop voltage gain of an opamp (Apr) by several-fold: it makes the overall gain closer to ideal. The
overall gain of the system, though, is dictated by the ratio of bellows leverage on the force beam,
just like the overall gain of a negative-feedback opamp circuit is dictated by the feedback network
and not by the opamp’s internal (open-loop) voltage gain.

11.5 Analysis of a practical pneumatic instrument

Perhaps one of the most popular pneumatic industrial instruments ever manufactured is the Foxboro
model 13 differential pressure transmitter. A photograph of one with the cover removed is shown
here:
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A functional illustration of this instrument identifies its major components:
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Part of the reason for this instrument’s popularity is the extreme utility of differential pressure
transmitters in general. A “DP cell” may be used to measure pressure, vacuum, pressure differential,



312 CHAPTER 11. PNEUMATIC INSTRUMENTATION

liquid level, liquid or gas flow, and even liquid density. A reason for this particular differential
transmitter’s popularity is excellent design: the Foxboro model 13 transmitter is rugged, easy to
calibrate, and quite accurate.

Like so many pneumatic instruments, the model 13 transmitter uses the force-balance (more
precisely, the motion-balance) principle whereby any shift in position is sensed by a detector (the
baffle/nozzle assembly) and immediately corrected through negative feedback to restore equilibrium.
As a result, the output air pressure signal becomes an analogue of the differential process fluid
pressure sensed by the diaphragm capsule. In the following photograph you can see my index finger
pointing to the baffle/nozzle mechanism at the top of the transmitter:

Let’s analyze the behavior of this transmitter step-by-step as it senses an increasing pressure
on the “High pressure” input port. As the pressure here increases, the large diaphragm capsule is
forced to the right. The same effect would occur if the pressure on the “Low pressure” input port
were to decrease. This is a differential pressure transmitter, so what it responds to is changes in
pressure difference between the two input ports.

This resultant motion of the capsule tugs on the thin flexure connecting it to the force bar. The
force bar pivots at the fulcrum (where the small diaphragm seal is located) in a counter-clockwise
rotation, tugging the flexure at the top of the force bar. This motion causes the range bar to also
pivot at its fulcrum (the sharp-edged “range wheel”), moving the baffle closer to the nozzle.

As the baffle approaches the nozzle, air flow through the nozzle becomes more restricted,
accumulating backpressure in the nozzle. This backpressure increase is greatly amplified in the
relay, which sends an increasing air pressure signal both to the output line and to the bellows at the
bottom of the range bar. Increasing pneumatic pressure in the bellows causes it to push harder on
the bottom of the range bar, counterbalancing the initial motion and returning the range bar (and
force bar) to their near-original positions.

Calibration of this instrument is accomplished through two adjustments: the zero screw and
the range wheel. The zero screw simply adds tension to the bottom of the range bar, pulling it in
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such a direction as to collapse the bellows as the zero screw is turned clockwise. This action pushes
the baffle closer to the nozzle and tends to increase air pressure to the bellows as the system seeks
equilibrium. If a technician turns the range wheel, the lever ratio of the range bar changes, affecting
the ratio of force bar force to bellows force. The following photograph shows the range bar and
range wheel of the instrument:

As in all instruments, the zero adjustment works by adding or subtracting a quantity, while the
span adjustment works by multiplying or dividing a quantity. In the Foxboro model 13 pneumatic
transmitter, the quantity in question is force. The zero screw adds or subtracts force to the
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mechanical system by tensioning a spring, while the range wheel multiplies or divides force in the
system by changing the mechanical advantage (force ratio) of a lever.
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11.6 Proper care and feeding of pneumatic instruments

Perhaps the most important rule to obey when using pneumatic instruments is to maintain clean
and dry instrument air. Compressed air containing dirt, rust, oil, water, or other contaminants will
cause operational problems for pneumatic instruments. First and foremost is the concern that tiny
orifices and nozzles inside the pneumatic mechanisms will clog over time. Clogged orifices tend to
result in decreased output pressure, while clogged nozzles tend to result in increased output pressure.
In either case, the “first aid” repair is to pass a welding torch tip cleaner through the plugged hole
to break loose the residue or debris plugging it.

Moisture in compressed air tends to corrode metal parts inside pneumatic mechanisms. This
corrosion may break loose to form debris that plugs orifices and nozzles, or it may simply eat
through thin diaphragms and bellows until air leaks develop. Grossly excessive moisture will cause
erratic operation as “plugs” of liquid travel through thin tubes, orifices, and nozzles designed only
for air passage.

A common mistake made when installing pneumatic instruments is to connect them to a general-
service (“utility”) compressed air supply instead of a dedicated instrument-service compressed air
system. Utility air systems are designed to supply air tools and large air-powered actuators with
pneumatic power. These high-flow compressed air systems are often seeded with antifreeze and/or
lubricating chemicals to prolong the operating life of the piping and air-consuming devices, but
the same liquids will wreak havoc on sensitive instrumentation. Instrument air supplies should be
sourced by their own dedicated air compressor(s), complete with automatic air-dryer equipment,
and distributed through stainless steel, copper, or plastic tubing (never black iron or galvanized iron
pipe!).

The worst example of moisture in an instrument air system I have ever witnessed is an event
that happened at an oil refinery where I worked as an instrument technician. Someone on the
operations staff decided they would use 100 PSI instrument air to purge a process pipe filled with
acid. Unfortunately, the acid pressure in the process pipe exceeded 100 PSI, and as a result acid
flushed backward into the instrument air system. Within days most of the pneumatic instruments
in that section of the refinery failed due to accelerated corrosion of brass and aluminum components
inside the instruments. The total failure of multiple instruments over such a short time could have
easily resulted in a disaster, but fortunately the crisis was minimal. Once the first couple of faulty
instruments were disassembled after removal, the cause of failure became evident and the technicians
took action to purge the lines of acid before too many more instruments suffered the same fate.

Pneumatic instruments must be fed compressed air of the proper pressure as well. Just like
electronic circuits which require power supply voltages within specified limits, pneumatic instruments
do not operate well if their air supply pressure is too low or too high. If the supply pressure is too
low, the instrument cannot generate a full-scale output signal. If the supply pressure is too high,
internal failure may result from ruptured diaphragms, seals, or bellows. Many pneumatic instruments
are equipped with their own local pressure regulators directly attached to ensure each instrument
receives the correct pressure despite pressure fluctuations in the supply line.

Another “killer” of pneumatic instruments is mechanical vibration. These are precision
mechanical devices, so they do not generally respond well to repeated shaking. At the very least,
calibration adjustments may loosen and shift, causing the instrument’s accuracy to suffer. At worst,
actual failure may result from component breakage?.

4Having said this, pneumatic instruments can be remarkably rugged devices. I once worked on a field-mounted
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11.7 Advantages and  disadvantages of pneumatic
instruments

The disadvantages of pneumatic instruments are painfully evident to anyone familiar with both
pneumatic and electronic instruments. Sensitivity to vibration, changes in temperature, mounting
position, and the like affect calibration accuracy to a far greater degree for pneumatic instruments
than electronic instruments. Compressed air is an expensive utility — much more expensive per
equivalent watt-hour than electricity — making the operational cost of pneumatic instruments far
greater than electronic. The installed cost of pneumatic instruments can be quite high as well, given
the need for special (stainless steel, copper, or tough plastic) tubes to carry supply air and pneumatic
signals to distant locations. The volume of air tubes used to convey pneumatic signals over distances
acts as a low-pass filter, naturally damping the instrument’s response and thereby reducing its ability
to respond quickly to changing process conditions. Pneumatic instruments cannot be made “smart”
like electronic instruments, either. With all these disadvantages, one might wonder why pneumatic
instruments are still used at all in modern industry.

Part of the answer is legacy. For an industrial facility built decades ago, it makes little sense
to replace instruments that still work just fine. The cost of labor to remove old tubing, install
new conduit and wires, and configure new (expensive) electronic instruments often is not worth the
benefits.

However, pneumatic instruments actually enjoy some definite technical advantages which secure
their continued use in certain applications even in the 215 century. One decided advantage is the
intrinsic safety of pneumatic field instruments. Instruments that do not run on electricity cannot
generate electrical sparks. This is of utmost importance in “classified” industrial environments where
explosive gases, liquids, dusts, and powders exist. Pneumatic instruments are also self-purging.
Their continual bleeding of compressed air from vent ports in pneumatic relays and nozzles acts as a
natural clean-air purge for the inside of the instrument, preventing the intrusion of dust and vapor
from the outside with a slight positive pressure inside the instrument case. It is not uncommon to
find a field-mounted pneumatic instrument encrusted with corrosion and filth on the outside, but
factory-clean on the inside due to this continual purge of clean air. Pneumatic instruments mounted
inside larger enclosures with other devices tend to protect them all by providing a positive-pressure
air purge for the entire enclosure.

Some pneumatic instruments can also function in high-temperature and high-radiation
environments that would damage electronic instruments. Although it is often possible to “harden”
electronic field instruments to such harsh conditions, pneumatic instruments are practically immune
by nature.

An interesting feature of pneumatic instruments is that they may operate on compressed gases
other than air. This is an advantage in remote natural gas installations, where the natural gas
itself is sometimes used as a source of pneumatic “power” for instruments. So long as there is
compressed natural gas in the pipeline to measure and to control, the instruments will operate. No
air compressor or electrical power source is needed in these installations. What is needed, however,

pneumatic controller attached to the same support as a badly cavitating control valve. The vibrations of the control
valve transferred to the controller through the support, causing the baffle to hammer repeatedly against the nozzle
until the nozzle’s tip had been worn down to a flattened shape. Remarkably, the only indication of this problem
was the fact the controller was having some difficulty maintaining setpoint. Other than that, it seemed to operate
adequately! I doubt any electronic device would have fared as well, unless completely “potted” in epoxy.
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is good filtering equipment to prevent contaminants in the natural gas (dirt, debris, liquids) from
causing problems within the sensitive instrument mechanisms.
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12.1 The HART digital/analog hybrid standard

A technological advance introduced in the late 1980’s was HART, an acronym standing for Highway
Addressable Remote Transmitter. The purpose of the HART standard was to create a way for
instruments to digitally communicate with one another over the same two wires used to convey a
4-20 mA analog instrument signal. In other words, HART is a hybrid communication standard, with
one variable (channel) of information communicated by the analog value of a 4-20 mA DC signal, and
another channel for digital communication whereby many other variables could be communicated
using pulses of current to represent binary bit values of 0 and 1.

The HART standard was developed with existing installations in mind. The medium for digital
communication had to be robust enough to travel over twisted-pair cables of very long length and
unknown characteristic impedance. This meant that the data communication rate for the digital
data had to be very slow, even by 1980’s standards.

Digital data is encoded in HART using the Bell 202 modem standard: two audio-frequency
“tones” (1200 Hz and 2200 Hz) are used to represent the binary states of “1” and “0,” respectively,
transmitted at a rate of 1200 bits per second. This is known as frequency-shift keying, or FSK. The
physical representation of these two frequencies is an AC current of 1 mA peak-to-peak superimposed
on the 4-20 mA DC signal. Thus, when a HART-compatible device “talks” digitally on a two-wire
loop circuit, it produces tone bursts of AC current at 1.2 kHz and 2.2kHz. The receiving HART
device “listens” for these AC current frequencies and interprets them as binary bits.

An important consideration in HART current loops is that the total loop resistance (precision
resistor values plus wire resistance) must fall within a certain range: 250 ohms to 1100 ohms. Most
4-20 mA loops (containing a single 250 ohm resistor for converting 4-20 mA to 1-5 V) measure in at
just over 250 ohms total resistance, and work quite well with HART. Even loops containing two 250
ohm precision resistors meet this requirement. Where technicians often encounter problems is when
they set up a loop-powered HART transmitter on the test bench with a lab-style power supply and
no 250 ohm resistor anywhere in the circuit:

HART
transmitter

—  Power
—— supply

The HART transmitter may be modeled as two parallel current sources: one DC and one AC. The
DC current source provides the 4-20 mA regulation necessary to represent the process measurement
as an analog current value. The AC current source turns on and off as necessary to “inject” the 1
mA P-P audio-frequency HART signal along the two wires. Inside the transmitter is also a HART
modem for interpreting AC voltage tones as HART data packets. Thus, data transmission takes
place through the AC current source, and data reception takes place through a voltage-sensitive
modem, all inside the transmitter, all “talking” along the same two wires that carry the DC 4-20
mA signal.
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For ease of connection in the field, HART devices are designed to be connected in parallel with
each other. This eliminates the need to break the loop and interrupt the DC current signal every time
we wish to connect a HART communicator device to communicate with the transmitter. A typical
HART communicator may be modeled as an AC voltage source (along with another HART voltage-
sensitive modem for receiving HART data). Connected in parallel with the HART transmitter, the
complete circuit looks something like this:

HART
transmitter

— Power
—— supply

.

Com'puter

HART communicator
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The actual hand-held communicator may look like one of these devices:

With all these sources in the same circuit, it is advisable to use the Superposition Theorem
for analysis. This involves “turning off” all but one source at a time to see what the effect is for
each source, then superimposing the results to see what all the sources do when all are working
simultaneously.

We really only need to consider the effects of either AC source to see what the problem is in
this circuit with no loop resistance. Consider the situation where the transmitter is sending HART
data to the communicator. The AC current source inside the transmitter will be active, injecting
its 1 mA P-P audio-frequency signal onto the two wires of the circuit. The AC voltage source in the
communicator will disconnect itself from the network, allowing the communicator to “listen” to the
transmitter’s data.
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To apply the Superposition Theorem, we replace all the other sources with their own equivalent
internal resistances (voltage sources become “shorts,” and current sources become “opens”):

HART
transmitter

I

Power
supply

L

Computer

HART communicator

The HART communicator is “listening” for those audio tone signals sent by the transmitter’s
AC source, but it “hears” nothing because the DC power supply’s equivalent short-circuit prevents
any significant AC voltage from developing across the two wires. This is what happens when there
is no loop resistance: no HART device is able to receive data sent by any other HART device.

The solution to this dilemma is to install a resistance of at least 250 ohms but not greater than
1100 ohms between the DC power source and all other HART devices, like this:

HART
transmitter

I

Power
supply

1 250 <R <1100

7 YW
L

Computer

HART communicator
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Loop resistance must be at least 250 ohms to allow the 1 mA P-P AC signal to develop enough
voltage to be reliably detected by the HART modem in the listening device. The upper limit (1100
ohms) is not a function of HART communication so much as it is a function of the DC voltage
drop, and the need to maintain a minimum DC terminal voltage at the transmitter for its own
operation. If there is too much loop resistance, the transmitter will become “starved” of voltage and
act erratically. In fact, even 1100 ohms of loop resistance may be too much if the DC power supply
voltage is insufficient.

Loop resistance is also necessary for the HART transmitter to receive data signals transmitted
by the HART communicator. If we analyze the circuit when the HART communicator’s voltage
source is active, we get this result:

HART
transmitter

Power
supply

| 1 250 <R <1100

VWA

L
Y

Computer

HART communicator

Without the loop resistance in place, the DC power supply would “short out” the communicator’s
AC voltage signal just as effectively as it shorted out the transmitter’s AC current signal. The
presence of a loop resistor in the circuit prevents the DC power supply from “loading” the AC
voltage signal by the communicator. This AC voltage is seen in the diagram as being directly in
parallel with the transmitter, where its internal HART modem receives the audio tones and processes
the data packets.
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Manufacturers’ instructions generally recommend HART communicator devices be connected
directly in parallel with the HART field instrument, as shown in the previous schematic diagrams.
However, it is also perfectly valid to connect the communicator device directly in parallel with the
loop resistor like this:

HART
transmitter

— Power
—— supply

250 <R <1100

VYW

Computer

HART communicator

Connected directly in parallel with the loop resistor, the communicator is able to receive
transmissions from the HART transmitter just fine, as the DC power source acts as a dead short to
the AC current HART signal and passes it through to the transmitter.

This is nice to know, as it is often easier to achieve an alligator-clip connection across the leads
of a resistor than it is to clip in parallel with the loop wires when at a terminal strip or at the
controller end of the loop circuit.

HART technology has given a new lease on the venerable 4-20 mA analog instrumentation signal
standard. It has allowed new features and capabilities to be added on to existing analog signal loops
without having to upgrade wiring or change all instruments in the loop. Some of the features of
HART are listed here:

e Diagnostic data may be transmitted by the field device (self-test results, out-of-limit alarms,
preventative maintenance alerts, etc.)

e Field instruments may be re-ranged remotely through the use of HART communicators

e Technicians may use HART communicators to force field instruments into different “manual”
modes for diagnostic purposes (e.g. forcing a transmitter to output a fixed current so as
to check calibration of other loop components, manually stroking a valve equipped with a
HART-capable positioner)

e Field instruments may be programmed with identification data (e.g. tag numbers
corresponding to plant-wide instrument loop documentation)
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12.1.1 HART multidrop mode

The HART standard also supports a mode of operation that is totally digital, and capable of
supporting multiple HART instruments on the same pair of wires. This is known as multidrop
mode.

Every HART instrument has an address number, which is typically set to a value of zero (0). A
network address is a number used to distinguish one device from another on a broadcast network,
so messages broadcast across the network may be directed to specific destinations. When a HART
instrument operates in digital/analog hybrid mode, where it must have its own dedicated wire pair
for communicating the 4-20 mA DC signal between it and an indicator or controller, there is no
need for a digital address. An address becomes necessary only when multiple devices are connected
to the same network wiring, and there arises a need to digitally distinguish one device from another
on the same network.

This is a functionality the designers of HART intended from the beginning, although it is
frequently unused in industry. Multiple HART instruments may be connected directly in parallel
with one another along the same wire pair, and information exchanged between those instruments
and a host system, if the HART address numbers are set to non-zero values (between 1 and 15):

HART communicator
or PC w/ HART modem

[ &

DC
power

supply

—

Address 4  Address 13  Address 10 Address 5

Setting an instrument’s HART address to a non-zero value is all that is necessary to engage
multidrop mode. The address numbers themselves are irrelevant, as long as they fall within the
range of 1 to 15 and are unique to that network.

The major disadvantage of using HART instruments in multidrop mode is its slow speed.
Due to HART’s slow data rate (1200 bits per second), it may take several seconds to access a
particular instrument’s data on a multidropped network. For some applications such as temperature
measurement, this slow response time may be acceptable. For inherently faster processes such as
liquid flow control, it would not be nearly fast enough to provide up-to-date information for the
control system to act upon.
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12.1.2 HART multi-variable transmitters

Some “smart” instruments have the ability to report multiple process variables. A good example
of this is Coriolis-effect flowmeters, which by their very nature simultaneously measure the density,
flow rate, and temperature of the fluid passing through them. A single pair of wires can only convey
one 4-20 mA analog signal, but that same pair of wires may convey multiple digital signals encoded
in the HART protocol. Digital signal transmission is required to realize the full capability of such
“multi-variable” transmitters.

If the host system receiving the transmitter’s signal(s) is HART-ready, it may digitally poll the
transmitters for all variables. If, however, the host system does not “talk” using the HART protocol,
some other means must be found to “decode” the wealth of digital data coming from the multi-
variable transmitter. One such device is Rosemount’s model 333 HART “Tri-Loop” demultiplexer
shown in the following photograph:

420 mA OUTPUTS

ROSEMOUNT®

§06% PRAIRIE, MINNESOTA, USA

This device polls the multi-variable transmitter and converts up to three HART variables into
independent 4-20 mA analog output signals, which any suitable analog indicator or controller device
may receive.

It should be noted that the same caveat applicable to multidrop HART systems (i.e. slow
speed) applies to HART polling of multi-variable transmitters. HART is a relatively slow digital
bus standard, and as such it should never be considered for applications demanding quick response.
In applications where speed is not a concern, however, it is a very practical solution for acquiring
multiple channels of data over a single pair of wires.
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12.2 Fieldbus standards

The general definition of a fieldbus is any digital network designed to interconnect field-located
instruments. By this definition, HART multidrop is a type of industrial fieldbus. However, HART is
too slow to function as a practical fieldbus for many applications, so other fieldbus standards exist.
Here is a list showing many popular fieldbus standards:

e FOUNDATION Fieldbus
e Profibus PA

e Profibus DP

e Profibus FMS

e Modbus

e AS-I

e CANbus

e ControlNET

e DeviceNet

e BACnet

The utility of digital “fieldbus” instruments becomes apparent through the host system these
instruments are connected to (typically a distributed control system, or DCS). Fieldbus-aware host
systems usually have means to provide instrument information (including diagnostics) in very easy-
to-navigate formats.
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For example, the following screenshot shows the field instrument devices connected to a small-

scale DCS used in an educational lab. FEach instrument appears as an icon, which may be explored

further simply by pointing-and-clicking with the mouse!:

#{: AMS Suite: Intelligent Device Manager - [Device Connection Yiew]
ﬂ"i File Edit Miew Tools Window Help
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IThe host system in this case is an Emerson DeltaV DCS, and the device manager software is Emerson AMS.
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12.3 Wireless instrumentation

At the time of this writing, several manufacturers have developed radio-based process transmitters
capable of establishing “mesh” networks with each other for the exchange and relaying of digital
information. These transmitters are battery-powered, which means they have no need for field wiring:
simply connect them to the process! No clear “winner” has emerged as the technical standard for
wireless data exchange in a process environment, however. Such technology has the potential to
revolutionize the industry so long as the problems of data security and operational reliability may
be adequately addressed.

References
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Chapter 13

Instrument calibration

13.1 Calibration and re-ranging

Every instrument has at least one input and one output. For a pressure sensor, the input would be
some fluid pressure and the output would (most likely) be an electronic signal. For a loop indicator,
the input would be a 4-20 mA current signal and the output would be a human-readable display.
For a variable-speed motor drive, the input would be an electronic signal and the output would be
electric power to the motor.

To calibrate an instrument means to check and adjust (if necessary) its response so the output
accurately corresponds to its input throughout a specified range. In order to do this, one must
expose the instrument to an actual input stimulus of precisely known quantity. For a pressure
gauge, indicator, or transmitter, this would mean subjecting the pressure instrument to known fluid
pressures and comparing the instrument response against those known pressure quantities. One
cannot perform a true calibration without comparing an instrument’s response to known, physical
stimuli.

To range an instrument means to set the lower and upper range values so it responds with the
desired sensitivity to changes in input. For example, a pressure transmitter set to a range of 0 to
200 PSI (0 PST = 4 mA output ; 200 PSI = 20 mA output) could be re-ranged to respond on a scale
of 0 to 150 PSI (0 PSI = 4 mA ; 150 PSI = 20 mA).

In analog instruments, re-ranging could (usually) only be accomplished by re-calibration, since
the same adjustments were used to achieve both purposes. In digital instruments, calibration and
ranging are typically separate adjustments (i.e. it is possible to re-range a digital transmitter without
having to perform a complete recalibration), so it is important to understand the difference.

331
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13.2 Zero and span adjustments (analog transmitters)

The purpose of calibration is to ensure the input and output of an instrument correspond to one
another predictably throughout the entire range of operation. We may express this expectation in
the form of a graph, showing how the input and output of an instrument should relate:

URV 100% -
Output
50%
LRV 0% T |
0% 50% 100%
LRV Input URV

This graph shows how any given percentage of input should correspond to the same percentage
of output, all the way from 0% to 100%.
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Things become more complicated when the input and output axes are represented by units of
measurement other than “percent.” Take for instance a pressure transmitter, a device designed to
sense a fluid pressure and output an electronic signal corresponding to that pressure. Here is a graph
for a pressure transmitter with an input range of 0 to 100 pounds per square inch (PSI) and an
electronic output signal range of 4 to 20 milliamps (mA) electric current:

URV 20mA -

Output 15 mA -
current

LRV  4mA -

0mA T |
OPS 50 PSI 100 PSI
LRV Input pressure URV

Although the graph is still linear, zero pressure does not equate to zero current. This is called
a live zero, because the 0% point of measurement (0 PSI fluid pressure) corresponds to a non-zero
(“live”) electronic signal. 0 PSI pressure may be the LRV (Lower Range Value) of the transmitter’s
input, but the LRV of the transmitter’s output is 4 mA, not 0 mA.

Any linear, mathematical function may be expressed in “slope-intercept” equation form:

y=mx—+b

Where,
y = Vertical position on graph
x = Horizontal position on graph
m = Slope of line
b = Point of intersection between the line and the vertical (y) axis

This instrument’s calibration is no different. If we let x represent the input pressure in units
of PSI and y represent the output current in units of milliamps, we may write an equation for this
instrument as follows:

y=0.162 +4

On the actual instrument (the pressure transmitter), there are two adjustments which let us
match the instrument’s behavior to the ideal equation. One adjustment is called the zero while



334 CHAPTER 13. INSTRUMENT CALIBRATION

the other is called the span. These two adjustments correspond exactly to the b and m terms of
the linear function, respectively: the “zero” adjustment shifts the instrument’s function vertically
on the graph, while the “span” adjustment changes the slope of the function on the graph. By
adjusting both zero and span, we may set the instrument for any range of measurement within the
manufacturer’s limits.

It should be noted that for most analog instruments, these two adjustments are interactive. That
is, adjusting one has an effect on the other. Specifically, changes made to the span adjustment almost
always alter the instrument’s zero point. An instrument with interactive zero and span adjustments
requires much more effort to accurately calibrate, as one must switch back and forth between the
lower- and upper-range points repeatedly to adjust for accuracy.
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13.3 Damping adjustments

The vast majority of modern process transmitters (both analog and digital) come equipped with a
feature known as damping. This feature is essentially a low-pass filter function placed in-line with
the signal, reducing the amount of process “noise” reported by the transmitter.

Imagine a pressure transmitter sensing water pressure at the outlet of a large pump. The flow of
water exiting a pump tends to be extremely turbulent, and any pressure-sensing device connected
to the immediate discharge port of a pump will interpret this turbulence as violent fluctuations in
pressure. This means the pressure signal output by the transmitter will fluctuate as well, causing any
indicator or control system connected to that transmitter to register a very “noisy” water pressure:

"Noisy" signal

Pressure
signal

Time —

Such “noise” wreaks havoc with most forms of feedback control, since the control system will
interpret these rapid fluctuations as real pressure changes requiring corrective action. Although it
is possible to configure some control systems to ignore such noise, the best solution is to correct
the problem at the source either by relocating the pressure transmitter’s impulse line tap to a place
where it does not sense as great an amount of fluid turbulence, or somehow prevent that sensed
turbulence from being represented in the transmitter’s signal.

Since this noise is of a much greater frequency than the normal cycles of pressure in a process
systemn, it is relatively easy to reduce the amount of noise in the transmitter signal simply by filtering
that electronic signal using a low-pass filter circuit.
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The simplest low-pass filter circuit is nothing more than a resistor and capacitor:

R
Vin © ‘/\/\/\ 0 Vout

C —/

Low-frequency voltage signals applied to this circuit emerge at the output terminal relatively
unattenuated, because the reactance of the capacitor is quite large at low frequencies. High-frequency
signals applied to the same circuit become attenuated by the capacitor, which tends to “short” those
signals to ground with its low reactance to high frequencies. The performance of such a filter circuit
is primarily characterized by its cutoff frequency, mathematically defined as f = ﬁ. The cutoff
frequency is the point at which only 70.7% of the input signal appears at the output (a -3 dB
attenuation in voltage).

If successfully applied to a process transmitter, such low-pass filtering has the effect of “quieting”
an otherwise noisy signal so only the real process pressure changes are seen, while the effect of
turbulence (or whatever else was causing the noise) becomes minimal. In the world of process
control, the intentional low-pass filtering of process measurement signals is often referred to as
damping because its effect is to “damp” (turn down) the effects of process noise:

Before damping )
\ After damping

Pressure J
signal 'WWWWWVWWMWVWWWWWWWM

Time —

In order for damping to be a useful tool for the technician in mitigating measurement noise, it
must be adjustable. In the case of the RC filter circuit, the degree of damping (cutoff frequency) may
be adjusted by changing the value or either R or C, with R being the easier component to adjust. In
digital transmitters where the damping is performed by a digital algorithm (either a sophisticated
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digital filtering routine or something as simple as successive averaging of buffered signal values in a
first-in-first-out shift register), damping may be adjusted by setting a constant value. In pneumatic
transmitters, damping could be implemented by installing viscous elements to the mechanism, or
more simply by adding volume to the signal line (e.g. excess tubing length, larger tubing diameter,
or even “capacity tanks” connected to the tube for increased volume).

The key question for the technician then becomes, “how much damping do I use?” Insufficient
damping will allow too much noise to reach the control system (causing “noisy” trends, indications,
and erratic control), while excessive damping will cause the transmitter to understate the significance
of sudden (real) process changes. In my experience there is a bad tendency for instrument technicians
to apply excessive damping in transmitters. A transmitter with too much damping (i.e. cutoff
frequency set too low, or time constant value set too high) causes the trend graph to be very
smooth, which at first appears to be a good thing. After all, the whole point of a control system is
to hold the process variable tightly to setpoint, so the appearance of a “flat line” process variable
trend is enticing indeed. However, the problem with excessive damping is that the transmitter
gives a sluggish response to any sudden changes in the real process variable. A dual-trend graph
of a pressure transmitter experiencing a sudden increase in process pressure shows this principle,
where the undamped transmitter signal is shown in the upper portion and the over-damped signal
in the lower portion (please note the vertical offset between these two trends is shown only for your
convenience in comparing the two trend shapes):

Undamped signal

Pressure
signal

Over-damped signal

Time —

In summary, excessive damping causes the transmitter to “lie” to the control system by reporting
a pressure that changes much slower than it actually does. The degree to which this “lie” adversely
affects the control system (and/or the human operator’s judgment in manually responding to the
change in pressure) depends greatly on the nature of the control system and its importance to the
overall plant operation. If any rule may be given as to how much damping to use in any transmitter,
it is this: use as little as necessary to achieve good control.

When calibrating a transmitter in a shop environment, the damping adjustment should be set to
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its absolute minimum, so the results of applying stimuli to the transmitter are immediately seen by
the technician. Any amount of damping in a transmitter being calibrated serves only to slow down
the calibration procedure without benefit.

13.4 LRV and URV settings, digital trim (digital
transmitters)

The advent of “smart” field instruments containing microprocessors has been a great advance for
industrial instrumentation. These devices have built-in diagnostic ability, greater accuracy (due to
digital compensation of sensor nonlinearities), and the ability to communicate digitally with host
devices for reporting of various parameters.

A simplified block diagram of a “smart” pressure transmitter looks something like this:

"Smart" pressure transmitter -

Range adjustments
LRV URV

Trim adjustments Trim adjustments
Low ngh Damplng Low High".

Apply pressure * * :;
here  : Analog- to- : Dlgital-to o—<—
» Digital  —» r'é)/lclz((:arsos-or 9 Analog | : 4-20mA
Converter P Converter @2——~—

(ADC) (DAC)
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It is important to note all the adjustments within this device, and how this compares to the
relative simplicity of an all-analog pressure transmitter:

Analog pressure transmitter "

Calibration adjustments

Damping Zero  Span
(Bias)l l(Gain)
Apply pressure % «—
here : )
: Low-pass " Driver © 4-20 mA
filter — — Amplifier —»  Cicuit : m
circuit O———

Note how the only calibration adjustments available in the analog transmitter are the “zero” and
“span” settings. This is clearly not the case with smart transmitters. Not only can we set lower-
and upper-range values (LRV and URV) in a smart transmitter, but it is also possible to calibrate
the analog-to-digital and digital-to-analog converter circuits independently of each other. What
this means for the calibration technician is that a full calibration procedure on a smart transmitter
potentially requires more work and a greater number of adjustments than an all-analog transmitter!.

A common mistake made among students and experienced technicians alike is to confuse the
range settings (LRV and URV) for actual calibration adjustments. Just because you digitally set the
LRV of a pressure transmitter to 0.00 PSI and the URV to 100.00 PSI does not necessarily mean it
will register accurately at points within that range! The following example will illustrate this fallacy.

Suppose we have a smart pressure transmitter ranged for 0 to 100 PSI with an analog output
range of 4 to 20 mA, but this transmitter’s pressure sensor is fatigued from years of use such that an

1 Although those adjustments made on a digital transmitter tend to be easier to perform than repeated zero-and-
span adjustments on analog transmitters due to the inevitable “interaction” between analog zero and span adjustments
requiring repeated checking and re-adjustment during the calibration period.
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actual applied pressure of 100 PSI generates a signal that the analog-to-digital converter interprets
as only 96 PSI2. Assuming everything else in the transmitter is in perfect condition, with perfect
calibration, the output signal will still be in error:

"Smart" pressure transmitter”"*

Range adjustments

LRV ~ URV .
Trim adjustments O PSI 100 PSIqjp adjustments
(egﬁi\?ﬁ‘éno Low High Damping Low High",

analog signal * * * * * ‘2':

100 PSI \ Analog-to- _ Digital-to p—<—
applied Digital |1 OOy —» Analog | 1936 mA
pressure Converter Converter @———

\ (ADC) 96.00 PSI 19.36 mA (DAC)

Y Errorl digital value  digital value

As the saying goes, “a chain is only as strong as its weakest link.” Here we see how the calibration
of the most sophisticated pressure transmitter may be corrupted despite perfect calibration of
both analog/digital converter circuits, and perfect range settings in the microprocessor. The
microprocessor “thinks” the applied pressure is only 96 PSI, and it responds accordingly with a
19.36 mA output signal. The only way anyone would ever know this transmitter was inaccurate at
100 PSI is to actually apply a known value of 100 PSI fluid pressure to the semsor and note the
incorrect response. The lesson here should be clear: digitally setting a smart instrument’s LRV and
URV points does not constitute a legitimate calibration of the instrument.

For this reason, smart instruments always provide a means to perform what is called a digital trim
on both the ADC and DAC circuits, to ensure the microprocessor “sees” the correct representation
of the applied stimulus and to ensure the microprocessor’s output signal gets accurately converted
into a DC current, respectively.

2A 4% calibration error caused by sensor aging is enormous for any modern digital transmitter, and should be
understood as an exaggeration presented only for the sake of illustrating how sensor error affects overall calibration
in a smart transmitter. A more realistic amount of sensor error due to aging would be expressed in small fractions of
a percent.
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I have witnessed some technicians use the LRV and URV settings in a manner not unlike the
zero and span adjustments on an analog transmitter to correct errors such as this. Following this
methodology, we would have to set the URV of the fatigued transmitter to 96 PSI instead of 100
PSI, so an applied pressure of 100 PSI would give us the 20 mA output signal we desire. In other
words, we would let the microprocessor “think” it was only seeing 96 PSI, then skew the URV so it
outputs the correct signal anyway. Such an approach will work to an extent, but any digital queries
to the transmitter (e.g. using a digital-over-analog protocol such as HART) will result in conflicting
information, as the current signal represents full scale (100 PSI) while the digital register inside
the transmitter shows 96 PSI. The only comprehensive solution to this problem is to “trim” the
analog-to-digital converter so the transmitter’s microprocessor “knows” the actual pressure value
applied to the sensor.

Once digital trims have been performed on both input and output converters, of course, the
technician is free to re-range the microprocessor as many times as desired without re-calibration.
This capability is particularly useful when re-ranging is desired for special conditions, such as process
start-up and shut-down when certain process variables drift into uncommon regions. An instrument
technician may use a hand-held digital “communicator” device to re-set the LRV and URV range
values to whatever new values are desired by operations staff without having to re-check calibration
by applying known physical stimuli to the instrument. So long as the ADC and DAC trims are
both fine, the overall accuracy of the instrument will still be good with the new range. With analog
instruments, the only way to switch to a different measurement range was to change the zero and
span adjustments, which necessitated the re-application of physical stimuli to the device (a full re-
calibration). Here and here alone we see where calibration is not necessary for a smart instrument. If
overall measurement accuracy must be verified, however, there is no substitute for an actual physical
calibration, and this entails both ADC and DAC “trim” procedures for a smart instrument.

13.5 Calibration procedures

As described earlier in this chapter, calibration refers to the adjustment of an instrument so its
output accurately corresponds to its input throughout a specified range. This definition specifies
the outcome of a calibration process, but not the procedure. It is the purpose of this section to
describe procedures for efficiently calibrating different types of instruments.
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13.5.1 Linear instruments

The simplest calibration procedure for a linear instrument is the so-called zero-and-span method.
The method is as follows:

1. Apply the lower-range value stimulus to the instrument, wait for it to stabilize
2. Move the “zero” adjustment until the instrument registers accurately at this point
3. Apply the upper-range value stimulus to the instrument, wait for it to stabilize
4. Move the “span” adjustment until the instrument registers accurately at this point

5. Repeat steps 1 through 4 as necessary to achieve good accuracy at both ends of the range

An improvement over this crude procedure is to check the instrument’s response at several points
between the lower- and upper-range values. A common example of this is the so-called five-point
calibration where the instrument is checked at 0% (LRV), 25%, 50%, 75%, and 100% (URV) of
range. A variation on this theme is to check at the five points of 10%, 25%, 50%, 75%, and 90%,
while still making zero and span adjustments at 0% and 100%. Regardless of the specific percentage
points chosen for checking, the goal is to ensure that we achieve (at least) the minimum necessary
accuracy at all points along the scale, so the instrument’s response may be trusted when placed into
service.

Yet another improvement over the basic five-point test is to check the instrument’s response
at five calibration points decreasing as well as increasing. Such tests are often referred to as Up-
down calibrations. The purpose of such a test is to determine if the instrument has any significant
hysteresis: a lack of responsiveness to a change in direction.

Some linear instruments provide a means to adjust linearity. This adjustment should be moved
only if absolutely necessary! Quite often, these linearity adjustments are very sensitive, and prone
to over-adjustment by zealous fingers. The linearity adjustment of an instrument should be changed
only if the required accuracy cannot be achieved across the full range of the instrument. Otherwise,
it is advisable to adjust the zero and span controls to “split” the error between the highest and
lowest points on the scale, and leave linearity alone.

13.5.2 Nonlinear instruments

The calibration of inherently nonlinear instruments is much more challenging than for linear
instruments. No longer are two adjustments (zero and span) sufficient, because more than two
points are necessary to define a curve.

Examples of nonlinear instruments include expanded-scale electrical meters, square root
characterizers, and position-characterized control valves.

Every nonlinear instrument will have its own recommended calibration procedure, so I will defer
you to the manufacturer’s literature for your specific instrument. I will, however, offer one piece
of advice. When calibrating a nonlinear instrument, document all the adjustments you make (e.g.
how many turns on each calibration screw) just in case you find the need to “re-set” the instrument
back to its original condition. More than once I have struggled to calibrate a nonlinear instrument
only to find myself further away from good calibration than where I originally started. In times like
these, it is good to know you can always reverse your steps and start over!
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13.5.3 Discrete instruments

The word “discrete” means individual or distinct. In engineering, a “discrete” variable or
measurement refers to a true-or-false condition. Thus, a discrete sensor is one that is only able
to indicate whether the measured variable is above or below a specified setpoint.

Examples of discrete instruments are process switches designed to turn on and off at certain
values. A pressure switch, for example, used to turn an air compressor on if the air pressure ever
falls below 85 PSI, is an example of a discrete instrument.

Discrete instruments need regular calibration just like continuous instruments. Most discrete
instruments have but one calibration adjustment: the set-point or trip-point. Some process switches
have two adjustments: the set-point as well as a deadband adjustment. The purpose of a deadband
adjustment is to provide an adjustable buffer range that must be traversed before the switch changes
state. To use our 85 PSI low air pressure switch as an example, the set-point would be 85 PSI, but
if the deadband were 5 PSI it would mean the switch would not change state until the pressure rose
above 90 PSI (85 PSI + 5 PSI).

When calibrating a discrete instrument, you must be sure to check the accuracy of the set-point
in the proper direction of stimulus change. For our air pressure switch example, this would mean
checking to see that the switch changed states at 85 PSI falling, not 85 PSI rising. If it were not for
the existence of deadband, it would not matter which way the applied pressure changed during the
calibration test. However, deadband will always be present in a discrete instrument, whether that
deadband is adjustable or not. Given a deadband of 5 PSI for this example switch, the difference
between verifying a change of state at 85 PSI falling versus 85 PSI rising would mean the difference
between the air compressor turning on if the pressure fell below 85 PSI versus turning on if the
pressure fell below 80 PSI.

A procedure to efficiently calibrate a discrete instrument without too many trial-and-error
attempts is to set the stimulus at the desired value (e.g. 85 PSI for our hypothetical low-pressure
switch) and then move the set-point adjustment in the opposite direction as the intended direction
of the stimulus (in this case, increasing the set-point value until the switch changes states). The
basis for this technique is the realization that most comparison mechanisms cannot tell the difference
between a rising process variable and a falling setpoint (or visa-versa). Thus, a falling pressure may
be simulated by a rising set-point adjustment. You should still perform an actual changing-stimulus
test to ensure the instrument responds properly under realistic circumstances, but this “trick” will
help you achieve good calibration in less time.
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13.6 Typical calibration errors

Recall that the slope-intercept form of a linear equation describes the response of a linear instrument:

y=mx—+b

Where,
y = Output
m = Span adjustment
z = Input
b = Zero adjustment

A zero shift calibration error shifts the function vertically on the graph. This error affects all
calibration points equally, creating the same percentage of error across the entire range:
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A span shift calibration error shifts the slope of the function. This error’s effect is unequal at
different points throughout the range:
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A linearity calibration error causes the function to deviate from a straight line. This type of
error does not directly relate to a shift in either zero (b) or span (m) because the slope-intercept
equation only describes straight lines. If an instrument does not provide a linearity adjustment, the
best you can do for this type of error is “split the error” between high and low extremes, so the
maximum absolute error at any point in the range is minimized:
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A hysteresis calibration error occurs when the instrument responds differently to an increasing
input compared to a decreasing input. The only way to detect this type of error is to do an up-down
calibration test, checking for instrument response at the same calibration points going down as going

up:
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Hysteresis errors are almost always caused by mechanical friction on some moving element
(and/or a loose coupling between mechanical elements) such as bourdon tubes, bellows, diaphragms,
pivots, levers, or gear sets. Flexible metal strips called flexures — which are designed to serve as
frictionless pivot points in mechanical instruments — may also cause hysteresis errors if cracked or

bent.

In practice, most calibration errors are some combination of zero, span, linearity, and hysteresis
problems.



348 CHAPTER 13. INSTRUMENT CALIBRATION

13.6.1 As-found and as-left documentation

An important principle in calibration practice is to document every instrument’s calibration as it
was found and as it was left after adjustments were made. The purpose for documenting both
conditions is to make data available for calculating instrument drift over time. If only one of these
conditions is documented during each calibration event, it will be difficult to determine how well an
instrument is holding its calibration over long periods of time. Excessive drift is often an indicator
of impending failure, which is vital for any program of predictive maintenance or quality control.

Typically, the format for documenting both As-Found and As-Left data is a simple table showing
the points of calibration, the ideal instrument responses, the actual instrument responses, and the
calculated error at each point. The following table is an example for a pressure transmitter with a
range of 0 to 200 PSI over a five-point scale:

Percent Input Output current Output current Error
of range pressure (ideal) (measured) (percent of span)
0% 0 PSI 4.00 mA
25% 50 PSI 8.00 mA
50% 100 PSI 12.00 mA
75% 150 PSI 16.00 mA
100% 200 PSI 20.00 mA

13.6.2 Up-tests and Down-tests

It is not uncommon for calibration tables to show multiple calibration points going up as well as
going down, for the purpose of documenting hysteresis and deadband errors. Note the following
example, showing a transmitter with a maximum hysteresis of 0.313 % (the offending data points
are shown in bold-faced type):

Percent Input Output current Output cu